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PREFACE 


THE present volume is based on a course of lectures given by the 
author for a number of years at the University of Illinois. It is in- 
tended as an introductory course suitable for first year graduate 
students and assumes a knowledge of only such fundamental prin- 
ciples of analysis as the student will have had upon completing the 
usual first course in calculus. Such additional information concern- 
ing functions of real variables as is needed in the development of 
the subject has been introduced as a regular part of the text. Thus 
a discussion of the general properties of line-integrals, a proof of 
Green’s theorem, etc., have been included. The material chosen 
deals for the most part with the general properties of functions of a 
complex variable, and but little is said concerning the properties of 
some of the more special classes of functions, as for example elliptic 
functions, etc., since in a first course these subjects can hardly be 
treated in a satisfactory manner. 

The course presupposes no previous knowledge of complex numbers 
and the order of development is much as that commonly followed in 
the calculus of real variables. Integration is introduced early, in 
connection with differentiation. In fact the first statement of the 
necessary and sufficient condition that a function is holomorphic in 
a given region is made in terms of an integral, By this order of 
arrangement, it is possible to establish early in the course the fact 
that the continuity of the derivative follows from its existence, and 
consequently the Cauchy-Goursat and allied theorems can be dem- 
onstrated without any assumption as to such continuity. Likewise, 
it can thus be shown that Laplace’s differential equation is satisfied 
without making the usual assumptions as to the existence of the 
derivatives of second order. The term holomorphic, often omitted, 
has been used as expressing an important property of single-valued 
functions, reserving the use of the term analytic for use in connection 
with functions derived from a given element by means of analytic 
continuation. While the Cauchy-Riemann viewpoint is that first 
introduced, attention is called to the Weierstrass development in the 
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chapter on series, and in subsequent discussions either definition of 
an analytic function is used as best suits the purpose in hand. 

In Chapter IV much use is made of mapping, thus enabling us to 
consider in connection with the definition of certain elementary 
functions some of their more important uses in physics. For the 
same reason in Chapter V the consideration of linear fractional 
transformation is especially emphasized and discussed as a kinematic 
problem. The discussion of series in Chapter VI lays the foundation 
for the consideration of the fundamental properties of single-valued 
functions discussed in the following chapter. In the final chapter, 
it is pointed out how these properties may be extended to the con- 
sideration of multiple-valued functions. 

The author wishes to express his appreciation of the helpful sug- 
gestions which have been given to him by Professor J. L. Markley of 
the University of Michigan, Professor A. Dresden of the University 
of Wisconsin, Professor W. A. Hurwitz of Cornell University, and to 
Dr. Otto Dunkel of the University of Missouri, who have read the 
proof sheets. He is also under obligations to his colleagues Dr. 
Denton and Dr. Kempner, who have read the manuscript. Finally, 
he wishes to express especially his obligations to Dr. George Rut- 
ledge, who has rendered him valuable assistance in the preparation 
of the manuscript. 

kK. J: TOWNSEND. 
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FUNCTIONS OF A COMPLEX VARIABLE 


CHAPTER I 
REAL AND COMPLEX NUMBERS 


1. Rational numbers. Some understanding of the nature of a 
number, the classes into which numbers may be divided, and the 
general laws governing the fundamental operations with them is 
essential to the study of the theory of functions. We obtain our 
first notion of numbers when we undertake to enumerate the indi- 
viduals composing a group of objects. The process of counting 
leads, however, only to the positive integers. We arrive at the 
same result when we assume the existence of unity and a certain 
mathematical process known as addition. Furthermore, the posi- 
tive integers obey the following law: 

Given any two positive integers a and b(b > a), there exists one and 
only one positive integer x such that 


a+ a= b. 


It becomes at once apparent that the positive integers do not 
completely serve the purpose of analysis when we attempt to solve 
the above equation for the case where a = 6. In order to give any 
interpretation at all to the solution in this case, it is necessary to 
introduce a new number called zero, defined by the identity 

a+0O=a. 


If a is allowed to be greater than b, it is again necessary to ex- 
tend the domain of the number-system by the introduction of nega- 
tive numbers in order to give an interpretation to the solution of 
the above equation. Even with this extension of the number- 
system, it is impossible to solve all linear equations. Suppose, for 
example, it is required to find the value of x from the equation 

ax = b, aX 0. 


A number-system that includes only positive and negative integers is 
inadequate to interpret the result 


b 
Lo = 
a 
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whenever 6 is not an integral multiple of a. A further extension 
of the number-system now becomes necessary and this extension is 
gained by the introduction of fractions. 

The numbers thus far discussed, that is integers including zero, 
and fractions, constitute a system of numbers called rational num- 
bers.* <A characteristic property of such numbers is that they may 


always be expressed in the form y, where a and b are integers prime 


to each other and a #0. By the aid of the symbols for the funda- 
mental operations of arithmetic rational numbers can always be 
expressed by a finite number of digits. It is possible and often con- 
venient to express such numbers by means of an infinite sequence 
of digits, but it is not necessary to do so. Thus 3 is a rational 
number, but when expressed in the form of a decimal fraction we 


have 
+ = 0.3333 .. 2. 


2. Irrational numbers. If we undertake to solve equations of a 
higher degree than the first, the system of rational numbers often 
proves insufficient. For example, if we have given the equation 


oi 2 = () 


to find the value of x, we have x = + V2, a result that has no 
interpretation in the domain of rational numbers. To show that 
no such interpretation is possible, assume = + V2, a and b being 
integers prime to each other. We have then 


—= 2, a = 207: 


The number 2 is then a factor of a? and as all prime factors appear 
an even number of times in a perfect square, 2 must appear an’ 
even number of times in a?. Consequently, 2 must also appear as a 
factor of 2b? an even number of times. This, however, is impos- 
sible, as it must then appear as a factor of b? itself and indeed an 
even number of times. As 2 cannot be a factor of one member of 
the identity an even number of times and of the other an odd num- 
ber of times, the assumption that V2 is a rational number is not 
valid. 


* For a more complete discussion of rational numbers the reader is referred to 
Pierpont, Theory of Functions of Real Variables, Vol. I, Chap. I. 
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We shall see later that it is characteristic of a new class of num- 
bers, called irrational numbers to distinguish them from the num- 
bers discussed in the preceding article, that they do not admit of 
expression in the form 

To see more clearly the nature of irrational numbers, let us con- 
sider the totality of rational numbers. Suppose we separate these 
numbers into two sets such that each number of the first set is 
greater than every number of the second set. Such a separation of 
the rational system of numbers is called a partition.* We have, 
for example, a partition if we select any rational number a and put 
into one set A; all those rational numbers that are equal to or greater 
than a and into a second set Ag: all rational numbers that are less 
than a. In this case the number a is itself an element of the set Aj. 

We may likewise establish a partition by putting into the set A; 
all of those rational numbers greater than a and into Az all those 
equal to or less than a. In this case the number a belongs to set Ag. 
It will be noticed that by the first partition there is a smallest number 
in A, and by the second partition there is a largest number in Ag. 
In each case this number is the rational number a itself. 

It is possible, however, to establish a partition of the entire sys- 
tem of rational numbers in such a manner that in the one set A, 
there shall be no smallest number and at the same time in the sec- 
ond set Ae, there shall be no largest number. For example, let us 
consider again V2. As we have seen, this number is not a rational 
number. Put into set A, all of those rational numbers whose squares 
are greater than 2 and into A, all rational numbers whose squares 
are less than 2. The two sets A; and A: then fulfill the conditions 
that each number of A, is greater than any number of A, and there 
is no smallest number in A; and no largest number in A:; for, no 
matter how near to 2 the square of a particular rational number 
may be, there are always other rational numbers whose squares lie 
between the square of the one selected and 2. 

The notion of the partition of the system of rational numbers 
affords a convenient means of defining irrational numbers. For this 
purpose suppose the totality of rational numbers to be divided in 
any manner whatever into two groups A;, A»: having the following 
properties: 

* Introduced by Dedekind, Stetigkeit wnd trrationale Zahlen, Braunschweig, 
1872. 
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(1) Each number of the set A; shall be greater than any number 
of the set Ae. 

(2) There shall be no smallest number in A; and no largest number 
in Ag. 

In the case where a was the smallest rational number in A, or 
the largest one in A», it could be said that the partition defined 
uniquely the rational number a. In the present case, it can no 
longer be said that the partition defines a rational number; for, 
every rational number belongs either to set Ai or set Az, and since 
by (2) there can be no smallest number in A, and no largest one in 
A», the partition can not define a number in either set. Conse- 
quently, the partition may be said to define a new number; we call 
such a number an irrational number. The fundamental operations 
of arithmetic may be defined for irrational numbers in a manner 
consistent with the corresponding definitions for rational numbers.* 

3. System of realnumbers. The rational numbers and the irra- 
tional numbers taken together constitute a system of numbers known 
as real numbers. It is this system of numbers that lies at the basis 
of the calculus of real variables. This system constitutes a closed 
group with respect to the fundamental operations of arithmetic and 
obeys certain laws already familiar to the student from his study of 
algebra. For any numbers a, b, c of this system, we have from the 
definitions of those fundamental operations 


I.. For addition: 
(1) The commutative law: a+b =b-+ a. 
(2) The associative law: a+ (b+ c) = (a+ 6) +e. 


Il. For multiplication: 
(1) The commutative law: ab = ba. 
(2) The associative law: a(bc) = (ab) c. 
(3) The distributive law: (a + b) ¢ = ac + be. 
(4) Factor law: If ab= 0, then a= 0 or 6 = 0. 


It is customary to introduce subtraction and division as the in- 
verse operations of addition and multiplication. From the defini- 
tion of these inverse operations and the foregoing fundamental laws 
follow, as purely formal consequences, all of the rules of operation 
for real numbers.t 


* See Fine, The Number-System of Algebra, Art. 29. 
t Lbid., Arts. 10, 18, 
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We assume the existence of a one-to-one correspondence between 
the totality of real numbers and the points on a straight line; that 
is to say, we assume that to each real number can be assigned a 
definite point on the line and conversely to every such point there 
may be assigned one and only one real number.* This assumption 
makes possible a geometric interpretation of the results of our dis- 
cussion and the applications of analysis to geometry. 

4. Complex numbers. It will be observed that all real numbers 
arise from the assumption of a single unit, namely 1. By assuming 


the additional fundamental unit V—1, which we shall represent 
by 7, a very important extension of the number-system thus far 
discussed can be made. By the use of these two units, 1 and 7, we 
can construct the numbers of the type a + 7b, where a and b are real 
numbers. It becomes necessary to extend the number-system so as 
to include numbers of this type if the solution of the equation 


ax’ +- ba + ¢ =0, 


where b? — 4ac < 0, is to have any meaning. Such numbers are 
called complex numbers and form the basis of that special branch of 
the theory of functions to be considered in this volume. It will be 
seen that since a and b may take all real values, therefore including 
zero, real numbers are a special case of complex numbers, that 
is, complex numbers where b = 0. In considering the arithmetic 
of complex numbers, the question arises as to what is to be under- 
stood by such terms as “equal to,” “greater than,” ete., and by 
the fundamental operations of addition, subtraction, ete. More- 
over, it cannot be assumed in advance that the laws of operation 
with real numbers may be extended without qualification to this 
broader field. Since real numbers appear as a special case of com- 
plex numbers, it is necessary to define these expressions and the 
fundamental operations in such a manner that the corresponding 
relations between real numbers shall appear as special cases. These 
definitions will be considered in the following articles. 

Complex numbers involving more than two units have been used 
by mathematicians. For example, Hamilton, a distinguished Eng- 
lish mathematician, introduced higher complex numbers known as 


* For references to the mathematical literature where this subject is discussed 
see: Encyclopédie des Sciences Mathematiques, Tome I, Vol. I, pp. 146-147, or 
Staude’s Analylische Geometrie des Punktes, der geraden Linie, und der Ebene, 
p. 422 (10). 
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quaternions. For this purpose, he made use of the unit 1 and the 
additional units 7, j, k, connected by the following relations: 


Ga pak =k = —1. 


No use will be made of quaternions or of other higher complex 
numbers in this volume, and the subject is mentioned merely to 
illustrate the possibility of further extensions of the number concept. 

5. Geometric representation of complex numbers. The as- 
sumption which we have made as to the one-to-one correspondence 
between points on a straight line and the totality of real numbers, 
makes it possible to give a geometric representation to complex 
numbers. For this purpose, we introduce a system of rectangular 
codrdinates similar to those used in Cartesian geometry. 

To represent the number * a + 1b, lay off on OX, called the axis 
of reals, the distance a and on OY, called the axis of imaginaries, 
the distance 6. Draw through A a line parallel to OY and through 
B a line parallel to OX. The intersection P of these lines represents 
the complex number a + 7b. The numbers a and b may be any 
real numbers, positive or negative. From these considerations, it 
follows that there exists a one-to-one correspondence between the 
points of the plane and the totality of complex numbers. We shall 
refer to the plane, used in this way, as the complex plane. From 
the relation between the points of the complex plane and the totality 
of complex numbers, it follows that the complex numbers constitute 
a continuous system. 

By making use of the trigonometric functions, it is possible and 
frequently convenient to represent complex numbers in another 
form. From Fig. 1, we have 


a = pcos8, b = psing, 
We may therefore write 
a + ib = p(cos@ + isin @). 


The distance OP = p is called the modulus of the complex num- 
ber, and the angle @ is called the amplitude of the complex number. 


* The first mathematician to propose a geometric interpretation of the imagi- 
nary number V —1 was Kiihn of Danzig in 1750-1751. The idea was extended 
by Argand in 1806 to include a representation of complex numbers of the form 
@4-bV—1, 0 representation that was later used by Gauss. The complex plane 
is frequently referred to as the Argand plane or the Gauss plane. 
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It will be observed that for any given number a + 2b the modulus p 
is a single-valued function of the real numbers a and 6, while the 
amplitude @ is a multiple-valued function of these numbers. The 
number a* + b*? = p* is frequently y rl 

referred to as the norm of the com- 
plex numbera-+ 7b. The value of 
6 lying in the interval —- 7 <0=7 
is called the chief amplitude. The 
amplitude is measured positively 
in a counter-clockwise direction. 
The modulus is always to be con- 
sidered as positive, and hence is 
often referred to as the absolute 
value of the complex number. 
We frequently indicate the modu- 
lus or absolute value of any com- 
plex number a by placing a vertical 
line before and after the number, thus | @ |, read “the absolute value 
of a.”’ 

Other geometric interpretations of complex numbers are possible. 
We shall have occasion later to point out, for example, how complex 
numbers may be represented by points on a sphere by showing that 
there exists a one-to-one correspondence between the points of the 
complex plane and those on the surface of a sphere. 

From what has already been said, it will be seen that complex 
numbers are directed numbers, that is, numbers that have both 
magnitude and direction. Consequently, we may when convenient 
think of the complex number a+ 2b’as represented by the plane 
vector joining the corresponding point of the complex plane with 
origin. Such physical magnitudes as force, velocity, acceleration, 
electric intensity, etc., have direction as well as numerical value and 
may be represented therefore by complex numbers, provided their 
directions are confined to a plane. The factor 7 rotates the given 
T 
3° 
a distance a is to be laid off on a line perpendicular to the axis of 
reals. In the complex number 


vg ames 


number through an angle Thus za, as we have seen, indicates that 


a = p(cosé+ isin 8), 


the magnitude of the number is p, while the direction in which this 
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magnitude is measured is determined by the factor in the paren- 
_ thesis. 

6. Comparison of complex numbers. The question very natu- 
rally arises as to how two complex numbers may be compared with 
each other. Given the two numbers 


a=a+u, B=c+id. 
We say that a = 8, when we have the relations 
a=C, b=d. 


Expressed in terms of polar codrdinates, equality involves the con- 
dition that the two numbers shall have equal moduli and shall have 
amplitudes that are either equal or differ by some multiple of 27. It 
will be observed that the two equal numbers a and B are represented 
by the same point in the complex plane. 

Since the moduli of complex numbers are real, their magnitudes 
may be compared one with another in the same manner as any other 
real numbers. Thus of two complex numbers a and 8, it is possible to 
say that the modulus of a is greater than or less than the modulus 
of 8; that is, we may write 

Jo] = [8 I. 

7. Addition and subtraction of complex numbers. We define 
the sum of two complex numbers a+ ib and c+ id as the complex 
number (a + c) +72 (6 +d), obtained by adding the real parts and 
the imaginary parts separately. 

It is not to be assumed without proof that the laws of addition 
enumerated for real numbers in Art. 3 hold for complex numbers. 
It may be easily shown, however, that such is the case. For this 
purpose, suppose we have given any three complex numbers 


a=a+2, B=c+ 21d, y=e+7. 
That the commutative law holds is shown as follows: We have 
a+B =(a+e) +72(b-+ 4a) 
(c+a)+72(d+b) (Art. 3) 
=6B+a. 


To show that the associative law likewise holds we proceed as 
follows: 


l| 


a+(6+y)=la+(c+e]+ifb+d+f)] 
=[@+ce)+e]+i[6+d)+f] (Art. 3) 
=(a+8)+y¥. 
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The addition of complex numbers can be easily performed geo- 
metrically. In Fig. 2, let a=a-+ib and 8 =c+id be represented 
by the points R and S, respectively. Complete the parallelogram 
having OR and OS as two sides. 
The point P then represents the 
sum a+ 6; for, drawing through 
Ra parallel to OX and dropping 
from P the perpendicular PM, 
we have from the equality of the 
two triangles RMP and ONS 


RM=c, MP =d, 


a. 


Se 


M 
and consequently the codrdinates 
of P are (a+c,b+d). Hence, 
the point P represents the complex ~G)* 7 ~X 


number 
(a+c)+2(+d)=a+ 98. Fia. 2. 


The result of geometric addition may be conveniently obtained 
also as follows: To add 8 to a, draw from R (Fig. 2) a line parallel 
to OS, extending in the same direction and equal to it in length. 
The terminal point P of the line thus drawn represents the number 
a+ 8. To add several numbers in succession, all that is necessary 
is to draw from the point P representing the sum of the first two 
numbers a line parallel to the line on which the modulus of the third 
point is measured, and upon the line thus drawn to lay off from P 
a segment equal to OP and extending in the same direction. The 
terminal point of this line represents the sum of the first. three num- 
bers. To this result a fourth number may be added in the same 
way, etc. 

An important relation between the absolute values of two complex 
numbers is suggested by the geometric considerations already in- 
troduced. This relation may be stated as follows: 


THrorEM I. Given two complex numbers a and B; we have the 
following relation between their moduli, namely, 
lle|—-|[6{|=la+e|=la|4+([6l. 
From elementary geometry, it is known that any side of a triangle 


is greater than the difference of the other two sides and less than the 
sum of those sides. Referring now to Fig. 2, we have 


OR — RP = OP = OR + RP. (1) 
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But we have 
OR = | a], RP = OS = |8|, OP =|a+B|. (2) 


Hence, substituting these values in (1), we have the result given in 

the theorem. An equality sign is to be used only when the points 

representing a and @ lie on a straight line passing through the origin. 
We may state also the following theorem. 


TueoreM II. For a given complex number a = a + 2b, we have 
la| + |b] = V2|a+2]. (1) 


The proof of this theorem, like that for Theorem I, follows at once 
from geometrical considerations. As the point a moves around the 
circle (Fig. 3) |a| and |b| change values. Let us find the maxi- 
mum value of | a|-+ |b |, subject 
to the condition that 


laP+[bP=|a+bP=r, (2) 


where r is the radius of the given 
circle. By the ordinary methods 
for computing a maximum, we find 
that the function in question has 
a maximum if 

lal =|b|= la + 1b], 
Fie. 3. v2 


Consequently, the maximum value of |a|+ |b| is V2|a-+ 7b |, 
from which the relation (1) must hold for the various values of a upon 
the circle. 

We define the difference a — 8 of two complex numbers, a=a-+ ib, 
B =c + 1d, as the complex number (a — c) +7(b —d). Here, as 
in addition, the laws of operation with real numbers hold for com- 
plex numbers and follow as a consequence of the laws of addition 
and the definition of subtraction. The reader can easily verify this 
statement. 

Let a and B be represented by R and S, respectively (Fig. 4). 
To subtract 6 from a@ geometrically, construct the parallelogram 
having OR as a diagonal and OS as one side. The point P repre- 
sents a — 6, since the sum of 6 and the complex number repre- 
sented by this point is a. The same result is obtained by drawing 
the line RP parallel to SO and equal to it in length, 


Arr. 8] MULTIPLICATION i | 


8. Multiplication of complex numbers. We may define the prod- 
uct of two complex numbers a, 8 by the relation 
aB = (a+ ib) (a’ + 2b’) 
= (aa’ — bb’) + i(ab’ + ba’). 
If the given numbers are written in 
the form 


a = pi(cos 6; +7 sin 6), 

B = pe(cos O + isin 62), 

then the product a8 becomes 
aB = p;(cos 4, + 7 sin 4;) + pe(cos Oe 

+ isin 62) 

pip2[ (Cos 8; cos 62 — sin 6; sin 62) 
+7(sin@,cosé.+cosAsin6)] 2 
pip2[Ccos (8; + 62) + 7 sin (0; 
+ 62) |. Fia. 4. 


This relation gives us the rule for multiplication, which may be 
stated in words as follows: 

The product of two complex numbers is a complex number whose 
modulus is the product of the moduli of the two given numbers and whose 
amplitude is the sum of the given amplitudes. 

Ye 


The associative, commutative, 
distributive, and factor laws for 
\ multiplication hold for complex 
\ numbers as for real numbers. The 
commutative law for example can 


wan be established as follows: 
Q Given as before a, 8B, we have 
o P ap = pipe[Cos (0; +- 62) + a sin(@,+ 62) | : 
oi = pop;[cos (02 + 6) +7 sin(6.+ 4) ] 
; oes = Ba. (Art. 3) 
gene 


In a similar manner the associa- 
tive, distributive, and factor laws 
may be established. 

From the definition of a product, we are able easily to give a geo- 
metric interpretation of multiplication. Represent the two complex 
numbers a and B by the points P and Q, respectively. Thus far we 
have been able to carry out the geometric operations introduced 


without reference to the magnitude of the unit. We must now 
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make use of a unit length. Lay off on OX the distance OA, which 
we take as the unit of length. Connect the point P with A. On 
OQ as a base construct the triangle OQR similar to the triangle OAP. 
We have then from the figure 

OR [OP 00 al. 
that is, 

OR pis poe 

or pip2 = Oke 


Furthermore, we have by construction 


AONE = VINO ea 
hence 
ZAOR = 6; + 62. 


Consequently, from the definition of multiplication it follows that 
the point R represents geometrically the required product; for, it 
has the modulus pip, and the amplitude 6; + 4. 

The rule of multiplication may be extended to the product of any 
finite number of complex numbers. Suppose, for example, we have 


a, = pi(cos 0, + 7 sin 6), 
ao = p2(Cos 02 + 7 sin 62), 
Qn = pr(cos 0, + 7 sin On). 
We obtain as the continued product of these numbers 
Qi2... An=pip,... pxlcos(i+ --- +6,)+isin(@,+ --- +4,)] 


When pi = pp = ++ * = pn = 1, we have an important theorem, 
known as De Moivre’s theorem, namely: 


(cos 6; + 7 sin 0;) + (cos #2 + 7sin ) .. . (cosé, + 7sin On) 
= COS. (0) + Op 4s © + O,) vein (Op Os ee 


If we also put 6; = 6 = ---+- = 86, = 6, we have the form of the 
theorem most frequently used, namely: 


(cos 0 + 7 sin 0)” = cos nO + 7 sin né. 


This theorem gives us a method of raising any complex number to 
an integral power; for, we have 


[p(cos 0 + isin 6)|" = p”(cos nd + isin né). 
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The power of a complex number may be found geometrically as 
follows: Let P; represent the number 


a = p(cosé +7sin 4). 


On OP; construct the triangle OPP», similar to OAP,; then P, rep- 
resents the second power of the 
given complex number. On OP, 
as a base construct another tri- 
angle OP2P3 similar to OAP, or 
to OP,P;. The point P3; of this 
triangle represents the cube of the 
given number. Continuing in 
this way, we may raise the given 
number to any required integral 
power. 

It may be shown that De 
Moivre’s theorem holds likewise 
for negative and fractional pow- 
ers.* As an illustration, let us 
consider the n* roots of a complex number a. We have then 


>—X 


Wie, Ge 


1 1 
= = 0 eae. 
a p"(cos + 7 s1n *), 
n n 
where p” is always to be considered positive and real. We obtain 


the remaining n“" roots of a by replacing 6 by 6 + 2kr, k = 1, 2, 3, 
...,%—1. Thus the x roots are 


1 
= 0 ee 0. 
p'(cos Sa Sum ") 
n n 
1 


*{ cos 22 oe for ="), 


jose + 7s1n 
n 


1 q — —_ 
p'{cos FA 2 + isin ew | 


) 


That each of these numbers is an n™ root of a is seen at once from 
the fact that its n** power gives the number 


a = p(cosé+7sin 6), 


* See Hobson, Plane Trigonometry, 24 Ed. Arts, 181 and 186, 
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If 6 be the chief amplitude of a, that is if -—r < 6 =7, then 
1 
p"( cos o + isin 4) 
n n 


is called the chief or principal value of the root. 
For example, consider the positive real number a = a. The two 
square roots of a are 


Va(cos 0 + isin 0), Va(cos 7 + isin). 


The principal value of a? is 
Va(cos 0 + isin 0) = Va; 


for, in this case 
1 


6=n-ampa" = 2.0=0 


falls in the interval —7 < 6 =r. 
If we consider the number a = —a, we have as the two square 
roots 


V a(cos 5 + 7sin 5), WV, a( cos 3 +7¢sin x) 


and the principal value of a? is 


Val eos ++ 7 sin = ae tVa. 


As a further illustration of the use of De Moivre’s theorem, let us 
consider the n roots of unity. Here @ = 0, and we have as the roots 


cos 0 + 7 sin 0, 


Qn 5 be aR 
cos — + 2siIn—» 
n n 


An Be ie 
cos — +2zsin—, 
n n 


pees DE + sin2@— Ue, 


n 


If we denote the second of these roots by w, then the n roots may be 
written 
L0G), PUR, ae ene: 
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Since we have 


ae gine iba ( 


qos Lake 2 kr ==), (1) 


hens cs oe ae 
cos— + 2 sIn— }{ cos——-+ 7 sin —— 
nr n nN n 


we may write the n roots of any complex number a in the form 


1 1 1 
a", wa", wa", ..., wr la, (2) 
1 

where a” denotes one of the n roots of a, for example the principal 
value of the root; that is to say, the n roots of any complex number 
are the products of some one value y P 
of the root into the n roots of 
unity. 

In certain cases the roots of a 
complex number may be deter- 
mined graphically. It is not pos- 
sible, however, to do this in all 
cases; for, it is not always possi- 
ble to make the construction by 


Q 
means of the ruler and compasses. 
Let us consider the fourth roots of ~6 ~X 
the number a, represented by the 
Ie), “7h 


point P (Fig. 7). Denote the mod- 
ulus of a by p and its chief amplitude by 6. The principal value of 
the root is then given by 


Pe lose ae cine | 
a p'(cos$ + ising 


To determine this root, it is necessary to construct an angle ¢ and 


to lay off a distance equal to p'. We can construct the angle by 


dividing twice in succession the angle 6 by the methods of elementary 


geometry. We can find the line segment that represents p# by con- 
structing the mean proportional between OP and 1 and then con- 
structing the mean proportional between that result and 1. In this 
manner the point Q is determined representing the principal value 
of the fourth root of a. That Q does represent a fourth root of a, 
may be shown by constructing, as indicated in Fig. 6, the fourth 
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power of the number represented by Q. There are three other 
fourth roots of a. From (2) they are seen to be 


2 3 


L 1 a 
CLO), CHG) CHO, 


where w denotes a fourth root of unity. To multiply by o, w’, or w* 
is to rotate the line OQ in a counter-clockwise direction through an 
angle of 90°, 180°, 270°, respectively, about O as a center. To find 
geometrically the four points representing the fourth roots of a@ is 
equivalent to constructing a regular inscribed polygon of four sides 
ina circle having OQ as a radius and Q as one of the vertices. Each 
vertex of this polygon is a fourth root of a, as may be verified by 
constructing its fourth power. 

To determine graphically all of the n‘® roots of any complex num- 
ber involves the division of the chief amplitude into n equal parts, 
the laying off of a distance equal to the n** root of the given modu- 
lus, and the inscribing of a regular polygon in a circle. For the 
special case of the n* roots of unity, the problem reduces to the 
construction of a regular polygon inscribed in a circle of unit radius; 
for, the modulus is 1 and in this case the chief amplitude is zero. As 
has already been pointed out this construction is not always possible 
by means of a ruler and compasses. The construction is however 
possible if and only if we have * n = 2’ pip. . . . , where / is an in- 
teger and p,, po . . . are distinct prime numbers of the form 2” + 1. 
For example, it is possible if 


n = 3,4, 5, 6, 8, 10, 12, 15, 16, 17, 20, 24, ... 
and impossible if 


m= 7, Only 1314p 18 19ealy 29 o4e on ene 


Se 9. Division of complex numbers. Given two complex numbers 
a=a+, B=a' +’. 
Since division is the inverse operation of multiplication, we must so 
define the quotient of a by 6 that the result multiplied by B gives a. 
In accordance with this relation, we define the quotient of a divided 
by 6 by means of the identity 
a  a@+% aa’ +b’ oe «00 — ab 
B a’ --2b' a + 6” 4 a’? + 6” 


* See Monographs on Modern Mathematics, edited by J. W, A. Young, p. 379, 
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Writing a, 8 in the form 
a = pi(cos 4, + isin 6;), B = p2(cos + 7 sin 6), 


the quotient of a by 8 may be written as follows: 


< = "Teos (6, — 62) + isin (6; — 6,)]. 
B pe | 
This form of the definition may be expressed in words as follows: 

The quotient of one complex number by another is a complex number 
whose amplitude is the amplitude of the dividend minus that of the 
divisor, and whose modulus is the modulus of the dividend divided by 
that of the divisor. 

We have already pointed out in another connection that the 
amplitude of a complex number is multiple-valued. This, however, 
does not affect the quotient; for, an increase of the amplitude of 
the dividend or the divisor by a multiple of 27 increases or de- 
creases likewise the amplitude of the quotient by the same multiple 
of 2 and hence the result remains unchanged. 

From the definition of division, we have for the reciprocal of a 
complex number a 

1 (cos0 + 7sin 0) 
a p(cosé + isin) 


= * [cos (—8) + isin (—6)] 


= 5; (cos @ — isin @). 


We may perform geometrically the operation of division as follows: 
Let P, Q, represent the two complex numbers 


pi(cos 6; + 7 sin 61) 


a 


B 


respectively. Draw the line OM (Fig. 8) making the angle — 6, with 
OP. Construct on OP the triangle OR P similar toOQA, when OA =1. 
The point FR represents the quotient; for, it has the amplitude 6; — 4 


and 


p2(COs 02 + 7 sin 62), 


and its modulus is ™; since we have from the two similar triangles, 
ORP and OAQ, 
OR Ss pa. po, 


and, hence, = = OR. 
2 
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It will be observed that 4 has no significance when p2 = 0; for, 


division by zero is meaningless. The general laws of division for 
real numbers hold for complex 
numbers and are a consequence 
of the definition of division and 
the laws of operation governing 
multiplication. 

We have now defined the funda- 
mental operations of arithmetic 
with reference to complex num- 
bers. Moreover, we have seen 
that the general laws of opera- 
tion in the arithmetic of real num- 
bers may be extended without 
modification to complex numbers. 
We are now in a position to in- 
troduce the complex variable and 
functions of it. Certain funda- 
mental notions concerning the 
functions to be considered will be discussed in the next chapter. 


v9 


Fig. 8. 


EXERCISES 


a8 


1. Express . + 72 in the form A + 7B, where a, B, y are given complex 


numbers. 
2. Perform graphically the operations indicated by (a8 — y) +y, (a8 +y)—-1, 
where a= 2+73,8 =1+12,7y =3—-72. 
3. Represent graphically the square roots of 3 +72, —2 +73,4+7f. 
4. Represent geometrically the four values of (1 + V—1)}. 
5. Locate the points representing the sixth roots of 1 and of —1. 

76. Give an illustration of two complex numbers the sum of whose moduli 
is equal to the modulus of their sum; also two complex numbers the sum of whose 
moduli is greater than the modulus of their sum. 

y 7. Under what conditions do the relations 


|Ja+b|=la|+ |], 

|a+b|=|a]—|6], 
hold when a, b are real numbers? Under what éonditions do they hold when a, 
b are replaced by the complex numbers a, B? 


~~ 8. Prove the associative and distributive laws for multiplication of complex 
numbers. 


~ 9. Ifa and 8 are complex numbers, where a # 0, 8 ¥ 0, prove that a8 ¥ 0. 
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—10. Interpret geometrically (a8)"™ = a6"; aa” = a™+N, 

~11. A boat is being rowed from the west to the east bank of a stream at the 
rate of three miles per hour. At the same time it is being carried north by the 
current at the rate of two miles per hour. Represent the velocity by a point in 
the complex plane. What represents the speed? 

12. A fly-wheel two feet in diameter is revolving counter-clockwise at the 
rate of 180 revolutions per minute. Express as a complex number of the form 
a + ib the velocity of a point on the rim of the wheel where the radius vector 
through that point makes an angle ¢ with a fixed initial position. 


CHAPTER II 
FUNDAMENTAL DEFINITIONS CONCERNING FUNCTIONS 


10. Constants, variables. We shall make the same distinctions 
between constants and variables as in the realm of real variables. 
If a complex number assumes but a single value in any discussion, 
it is called a constant. The numbers thus far considered serve as 
illustrations. If, on the other hand, a number is allowed in any 
discussion to assume various complex values, it is called a variable. 
A complex variable z may be written in the form x + zy, where 
x and y are real variables. 

We shall speak of a connected portion of the complex plane as a 
region or domain. Any point 2 is said to be an inner point of a 
region if it can be made the center of a circle of radius different 
from zero such that all points within this circle are points of the 
region. If the circle can be taken so small that it contains no points 
of the region, then 2 lies exterior to the region. If the circle contains 
both points of the region and points exterior to it, however small 
the radius of the circle be taken, then 2 is called a boundary point 
of the region. If the boundary is included in the region, then it is 
spoken of as a closed region, otherwise it is called an open region. 
Unless the contrary is stated, the term region will be used to desig- 
nate an open region, that is, a connected portion of the complex plane 
consisting only of inner points. A given region may be finite or it 
may be infinite. The inner points of an infinite region may all lie 
exterior to a given curve in which case the curve is the boundary of 
the region if its points are boundary points. By a neighborhood of a 
given point 2, we shall understand a small region about 2) having 2o 
as an inner point. For most purposes it will be found convenient to 
choose a neighborhood for which 


\2 — | < p, 


that is a circle of radius p about the point Zo. In referring to the 
points of a neighborhood of zo exclusive of the point 2o itself, we shall 
speak of the region as a deleted neighborhood of 2. 

20 
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11. Definition and classification of functions. The definition of 
a function has undergone radical changes since it was first intro- 
duced in connection with real variables. Leibnitz, for example, 
associated the term with any expression standing for certain lengths 
connected with curves, such as tangents, radii of curvature, normals, 
ete. Euler, who wrote the first treatise on the theory of functions, 
defined a function as an analytic expression in which one or more 
variables appear. We must set aside such a definition because 
there are numerous illustrations of related and interdependent vari- 
ables, both in pure mathematics and in theoretical physics, where 
as yet no analytic expression has been found. These early defini- 
tions of a function also assumed that a continuous function can 
always be represented geometrically by a continuous curve having a 
definite tangent at each point. This condition involves the require- 
ment that every continuous function shall have a definite derivative 
for each value of the variable. Subsequent researches show that this 
is an erroneous assumption, and that there exist functions defined by 
analytic expressions that are continuous throughout an interval and 
that do not possess a derivative at any point of that interval. The 
study of Fourier’s theory of heat led Dirichlet in 1837 to formulate 
the following definition of a function of a real variable, which is the , 
one commonly accepted by mathematicians at the present time: * 

If for each value of a variable x, there 1s determined a definite value 
or set of values of another variable y, then y 1s called a function of x for 
those values of x. 

This definition does not necessitate the existence of any analytic 
relation between y and x. It is to be observed that it is not neces- 
sary that 2 should have every value in an interval; it may take, for 
example, only a set of values. What is essential in the definition is 
that for every value that x does take, there is thereby determined a 
definite value or definite values of y. An important step in the evo- 
lution of the idea of a function was made when Cauchy gave to the 
variable complex values, and extended the notion of a definite inte- 
gral by letting the variable pass from the one limit of integration 
to the other through a succession of complex values along arbitrary 
paths. The work of Cauchy and the subsequent work of Riemann 
and Weierstrass laid the foundation for the development of the gen- 
eral theory of functions. 


* See Encyclopédie des Sciences Math., Tome II, Vol. I, Fase. 1, p. 13. 
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We shall wnderstand the complex variable w to be a function of the 
complex variable z in a given open or closed region S if for each value 
of z in this region w has a definite value or set of values. Here, as in 
the case of functions of a real variable, the function may be defined 
also with respect to a set of values rather than for all values of z of 
a given region. Unless otherwise stated, however, it will be under- 
stood that z takes all values of a given region. Then, if w is a func- 
tion of z, we may write 


w= ux, y) +7 (a, y) =f), 


where wu, v are real functions of the two real variables x and y. If w 
has but one value for each value of z, w is said to be single-valued; 
if it takes two or more values for some or all of the values of z, then 
w is called a multiple-valued function of z. 

A possible criticism of Dirichlet’s definition is that it is not suffi- 
ciently restrictive. Without introducing some additional proper- 
ties, such as continuity, differentiability, etc., it is impossible upon 
the basis of this definition of a function to build a theory of analysis 
permitting the operations and developments similar to those of the 
calculus of real variables. In later articles we shall discuss certain 
characteristic properties that the functions to be considered in this 
volume must possess. Before doing so we shall define certain general 
classes of functions and discuss some of the fundamental conceptions 
that are of importance in the consideration of their properties. 

One of the important classifications of functions is their division 
into rational functions and irrational functions. By a rational in- 
tegral function or polynomial is understood a function of the form 


Anz” ae ae = Ae = Qo, 


where a, a1, . . . » Q are constants and n is a positive integer. If 
a, ~ 0, the function is said to be of the n® degree. 

A rational fractional function is the quotient of two rational inte- 
gral functions having no common factor and hence it is of the form 


One” = Oyagen et ee 
= ) 
Binet mete me +. pee A +. Bo 


where m and n may be equal or different positive integers. If a, ~ 0, 
Bm #0, and m = n, then this common value is called the degree of 
the function; if m+n, then the larger of the two is called the 
degree. 
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All functions which are not rational are classified as irrational 
functions. 

Another important classification of functions is into algebraic and 
transcendental. We say that w is an algebraic function of z when 
w and z are related by an irreducible equation of the form 


folz) w” ++ filz) wr + falz) wr? + +--+ + falz) = 0, 


where fo(z), fi(z), fo(z), . . - » fn(Z) are rational integral functions of z. 
We say that this equation is irreducible if it is not possible to write 
the left-hand member as the product of two polynomials, neither of 
which is a constant. It will be seen that all rational functions, for 
example, are algebraic functions. 

All functions that are not algebraic are called transcendental 
functions. Such functions include the trigonometric, exponential, 
and logarithmic functions. 

12. Limits. From the study of elementary mathematics, and 
particularly from the study of the calculus, the student is familiar 
with the general notion and properties of limits. We shall recall 
some of the fundamental properties by way of emphasis and extend 
the notion of a limit to the realm of complex numbers. 

If we have given, for example, the sequence of numbers 


aa 


NIK 


at 1 
iP Gey am Re Ee baa eee 


it is at once seen that by taking n sufficiently large the terms of the 
sequence can be made to ultimately differ from unity by as little as 
we please. We express this fact by saying that the sequence has 
the limit 1. Likewise, the sequences 


1 ee pli 
Bf ae he Bly 8 OF Os Gay AO Os 3) 
eons on 
i LF PH 8 8 | Oe 


have the limit zero. If we may assign at pleasure to a number 
values which are numerically as small as we may choose, then the 
number is said to be arbitrarily small. We shall usually denote 
such a number by e. We may now define the limit of a sequence 
more exactly as follows: 

Suppose we have given an infinite sequence of real numbers 


1, = Oy, a2, G3, « » + » Any « « « 
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If there exists a definite number a, and, corresponding to an arbi- 
trarily small positive number e, a positive integer m such that for all 
values of n > m, we have 

ja, —al<e, 


then a is called the limit of the sequence, and we write 


L a, = G. 

If we have given an infinite sequence of complex numbers, the 
moduli of these complex numbers form a sequence of real numbers, 
and so do the moduli of the differences between these complex num- 
bers and any complex constant. We say that a sequence of complex 


numbers 
Of, Oo, 3, . « 2 5 Any « « « 


has the limit a or converges to the limit a, if the moduli of the differ- 
ences between these complex numbers and a form a sequence having 
the limit zero; that is, if corresponding to an arbitrarily small posi- 
tive number e, it is possible to find a positive integer m such that 
we have 

lan —a|<e, n> mM. (1) 
We then write 

1b) Ci, = C% 

Since the relation given by (1) holds for all integral values of 
n > m, it likewise holds for a particular set of values of n > m, say 
for the even values of nm > m. In other words, any subsequence 
selected from the given sequence will have the same limiting value 
as the given sequence. 

The foregoing definition of the limit of a sequence may be expressed 
in terms of a and b, where 


a=a-+b, On = An + thn; 
for, we have the following theorem. 
THeoreM I. The necessary and sufficient condition that the se- 
quence of complex numbers 
Oy, G2, H3, - - - » An,» « 2 
converges to a limit a = a + ib is that 


EE Oras loys — (6), (2) 
=e n=0o 
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We have 
Q, — A= a,+1b, —a— tb 
= (a, — a) + (6, — 5), 
whence 
[ee Oe Oe a | ba 0, (3) 
and 
la, —a|=la,—al, |b. —b| =|a,—a|. (4) 


The condition stated in the theorem is necessary; for, if the given 
sequence has the limit a, we may write 


(oes airs 
for n sufficiently great. Hence, from (4) we have also 
| an, —a|<e, |b, —b| <.e¢; 
that Is, Tr G06, bn =O. 


The given condition is also sufficient; for, if the two limits (2) 
exist, we thus have for n sufficiently great. 


la, —al<e, |b, —b| <e, 
and hence from (3) it follows that 
lan —a|<2e. 


Therefore, the given sequence has the limit a as the theorem requires. 

Suppose the variable z takes a set of values dense at a, that is, a 
set of values such that in every neighborhood of a, however small, 
there are an infinite number of points representing values of z. We 
express this relation between z and a by saying that a is a limiting 
point of the variable z. Under these conditions the variable z may 
be said to approach its limiting value a; that is, it may so vary that 
|z — a@| decreases indefinitely. When z varies in this manner, we 
write z = a, which is to be read “‘as z approaches a.” In the discus- 
sions to follow the given set of values of z will usually include every 
value in the neighborhood of a, and unless otherwise stated this will 
be understood to be the case. 

As the variable z takes different values, any single-valued function 
of z, say f(z), has by definition a definite value for each value z is 
allowed to take. The values of f(z), corresponding to the values of 
z in a suitably small deleted neighborhood of a limiting point a, may 
likewise differ from some number A by amounts whose numerical 
values are less than an arbitrarily small positive number, We then 
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speak of the number A as the limiting value of the function f(z) 
corresponding to the limit a of z. We may also say that f(z) 
approaches A as z approaches a; for, under the conditions just 
stated, no matter how z may approach a, f(z) will at the same time 
approach A. We may now formulate the definition of the limit of 
a function as follows: 

If a is a limiting point of z, and if corresponding to an arbitrarily 
small positive number e there exists apositivenumber 6 such that for 
all values of z entering into the discussion for which | z— a| < 6, 
with the possible exception of z = a, we have 


be Ace, (5) 


then f(z) is said to have the limiting value A corresponding to the 
limit a of z. We indicate the existence and the value of this hmit 


by writing 
L f@) =A. (6) 


The limit of a function does not depend upon the value of the 
function for the limiting value of the variable, but only upon the 
values that the function takes in the deleted neighborhood of such 
a point. Frequently the value of the function at the point is quite 
different from its limiting value. So far as the mere existence of 
the limit is concerned, it is not essential that the function be defined 
for the limiting value of the variable. The general laws of operation 
with limits as developed in the algebra and used in the calculus of 
real variables hold equally well for complex variables, as they are 
developed without reference to any particular domain of numbers. 

As we have already seen, the existence of the limit of a function 
involves the condition that the same limiting value of f(z) is obtained 
whatever be the set of values through which z is permitted to ap- 
proach the critical value a. As z may be written in the form x + iy, 
where x and y are independent real variables and a@ is a number of 
the form a + 2b, it will be seen at once that the limit given in (6) 
is related to the double simultaneous limit L F(x, y), discussed in 

=a 


me 
y=b 


connection with functions of two real variables,* the existence of 
which requires that the same limiting value be obtained by all pos- 
sible methods of approach of the variable point (2, y) to limiting 
position (a, 6). 


* See Townsend and Goodenough, First Course in Calculus, Arts. 101 and 102. 
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A necessary and sufficient condition for the existence of the limit 
(6) may be stated as follows: 


THroreM Il. Given z2=a2+ty,a=a+ib, 8 =A+ 7B; the nec- 
essary and sufficient conditions that f(z) = u + w approaches B as z 
approaches a are that 


L u(x, y) = A, 


v(x, y) = B.. (7) 


iis 


ll 
o 


& x 
y=b y 


To prove that the conditions stated in the theorem are necessary, 
we have given 
L f@) =8, (8)- 
to show that the two limits (7) exist. From (8), we have 
Le eh een P| 2 ar <0 
This relation may be written 
|ju+iw—-A—iBl<e (9) 
for values of (x, y) that lie within the circle of radius 6 about the 


point (a, 6); that is, for V(« — a)? +°(y — b)? <8. By aid of 
Theorem II of Art. 7, we now have from (9) 


|ju-—A|+|vo—B| = vV2|(u—A) +i — B)| <e V2. 


Hence, it follows that 
lu—Al<ev2, jo—Bl<ev2, Va—a?+ yy — by) <5. 


Expressed in the form of limits, this result is 


Lua,y=A, OL v@,y) =B. 


o 
y=b yv=b 


We may show as follows that the given conditions are also suffi- 
cient. We have given the two limits (7) to show the existence of 
the limit (8). Expressed as inequalities, the limits in (7) give 


| w(x, y) =A | <6 V (x = a)? “fr (y ae b)? S 51, (10) 


lv(z,y) —- Bl <« V(e—a)?+ (y—b)? <&. (11) 
From Theorem I of Art. 7, we have 
a Aveo b= |u- A | |e iB. (12) 
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By use of (10) and (11) this relation becomes 
lu-+iw—-A-—iB|<2¢6 Vi(e—a?+(y—b <8, (13) 


where 6’ is the smaller of the two numbers 61, 6s. 
Hence, the relation (13) may be written 


[fy — Bl 26. |e alo" 
Expressing this result in terms of a limit, we have 
L fe) =8, 


as the theorem requires. 

If for a set of real numbers there exists a definite number A such 
that the numbers of the set never exceed A but are dense at A, then 
A is called the upper limit of the set. For example, the set of ele- 
ments constituting the sequence 


1 1 1 ; 1 
Le ea, ae ee 


has the upper limit 1. In this particular case the number 1 is not 
an element of the set, although the elements approach the value 1. 
It is possible that the upper limit of a set shall be itself an element 
of the set. When this is the case, we call the upper limit of the set 
the maximum value of the set. Thus, in the sequence just given 1 
is the upper limit of the set but not the maximum value of the set. 

Likewise, if none of the elements of a set of real values are smaller 
than a definite number A and the set is dense at A, then the number 
A is called the lower limit of the set. If the lower limit is at the 
same time an element of the set, it is called the minimum value of 
the set. For example, elements of the sequence 

Bee) eRe Mea PR yA Lh Gee 
form a set having the lower limit 2. It does not, however, have a 
minimum value as 2 is not an element of the set. In other words 
there is no smallest number in the set. 

While the terms, upper limit, lower limit, maximum, minimum, 
are defined with reference to a set of real values, they may be ex- 
tended without modification to the absolute values of a function 
f(z) of a complex variable. 

If the elements of a given sequence all lie in a finite interval, the 
sequence is often spoken of as a bounded sequence. Every bounded 
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sequence of increasing real numbers has a limit.* If the sequence is 
not bounded, but its elements increase without limit, we say that 
the sequence becomes infinite and indicate that fact frequently by 
writing the limit equal to + «©. The sign of equality in this con- 
nection is not to be confused with the ordinary use of that symbol 
and should be understood as a brief and convenient way of writing 
“becomes infinite”’ or “increases without limit.” If the elements 
of a sequence decrease without limit, we place the limit equal to 
— © and say that the sequence becomes negatively infinite. 

We shall have occasion frequently to consider also an infinite se- 
quence of regions of the complex plane so related that each is smaller 
than the one preceding it and is contained in it. However small one 
of the regions in the sequence may be, it contains nevertheless an in- 
finite number of points. It is of importance to be able to say when 
the limit of such a sequence is a single point. This result will be 
established if it can be shown that every set of points that can be 
chosen by selecting in any manner whatever a point within or on the 
boundary of each region has necessarily the same limiting point as 
the regions are taken smaller and are made to approach zero in area. 
We shall consider two special cases, namely, a sequence of circles 
and a sequence of rectangles. In this discussion, we shall make use 
of a well-known theorem f of the theory of functions of real variables 
which states that if there is given a definite sequence of intervals 


defined by 
Ln We De), m= 1; 2,58, 2-2. 


such that the interval J, lies in J, and L § Length I,} = 0, then if 


P, is any point in J,, end points included, every such set {P,} of 
points has an unique limit p, and we say that the sequence of inter- 
vals }J7,} defines the point p. 

We shall now consider the following theorem. 

TueoreM III. Let {S,} = S81, So, ..., Sn, .. . bean infinite se- 
quence of circles so related that each lies in the preceding one and more- 
over having the property that 


DL Area 8, = 0; 


n=0 


then the sequence |S, defines a limiting point as n increases indefinitely. 


* See Pierpont, Theory of Functions of Real Variables, Vol. I, Arts. 101 and 109. 
{ Ibid., p. 82. 
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Let each circle S, be inclosed in a square by drawing tangent 
lines parallel to the X-axis and to the Y-axis. We have then a 
sequence of intervals on each axis 


Y4 (Fig. 9) satisfying the conditions 
ds of the foregoing theorem quoted 
d aan from the theory of functions of 
ds aia real variables. The sequence of 
6 intervals 
C3 
y (as, Did, (Gop 0a)) 2 me lan Dn aden 
Ce situated on the X-axis defines in 
2 [ if - the limit a definite point a. Like- 
OL aide ds bs wise the sequence of intervals 
Fig. 9. (e1, dy), (Co, dz), oo 8 9 Cds) agers 


on the Y-axis defines in the limit a point b. Drawing through a, 6 
lines parallel to the two axes, respectively, the intersection deter- 
mines. a definite point a + ib of the complex plane, which is the 
limit of every sequence of points {P,} obtained by taking a point 
in each region of the sequence {S,}. This sequence }S,{ therefore 
defines the point a+ 7b. It will be noted that the demonstration 
does not preclude the possibility Y 
that any or all of the circles Sy, 
So, ... may be tangent internally. 
In certain discussions, it is more 
convenient to consider a sequence 
of rectangles obtained as follows. 
Suppose we have given the rect- 
angle R, Fig. 10. Divide this 
rectangle into four equal parts by 
drawing lines parallel to the two 
axes. Select one of these four 
rectangles and divide it into four equal parts in a similar manner. 
Consider this operation as repeated an indefinite number of times. 
We may now state the following theorem with reference to the 
sequence of rectangles obtained. 


lenge, il), 


THEOREM IV. Given an infinite sequence of rectangles Ri, Ro, . . . , 
Rn, . . . such that each lies in the preceding one. Let the limit of each 
dimension of R, approach zero as n increases without limit. Then the 
gwen sequence of rectangles defines in the limit a definite point of the plane, 
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The method of proof for this theorem is substantially that given 
for Theorem III. 

By the aid of the foregoing theorem, we readily establish the 
following theorem. 

Turorem V. Every infinite set of points in a finite region of the ~ Pies 
complex plane has at least one limiting point. fk YA 

Let FR; be the rectangle inclosing all of the given points. Divide v 
the rectangle 2, into four equal rectangles by drawing lines parallel 
to the sides of R,. At least one of these smaller rectangles, say R2, 
must contain an infinite number of points of tne given set. In a 
similar manner divide FR» into four equal rectangles; at least one of 
these rectangles, say /;, must contain an infinite number of the points 
of the given set. Regard this method of division as continued indefi- 
nitely. We get a sequence of rectangles 

Daplibaika eo lia eee 


satisfying the conditions of Theorem IV and hence having a limiting 
point, say z. But as each of the rectangles R, contains an infinite 
number of the points of the given set, it follows that 2 is a limit 
of the given set. There may or may not be other limiting points, 
but in every case there must be at least one. The result of the 
theorem can also be expressed by saying that the given set of points 
is dense at Z. 

It is frequently desirable to have a condition which is necessary 
and sufficient for the existence of the limit of a sequence. Such a 


condition is given by the following theorem. 7 
| 


Tueorem VI. Given the sequence of complex numbers = “wt, 
Oy, C2, 3, » «© «© » On, Anti, + + © » Antk, Antk+tl, + + « 
the necessary and sufficient condition that this sequence has a limit is @~. 
that corresponding to an arbitrarily small positive number ¢ there exists 
a positive integer m such that 
| an — Onin |<, Namely Cis ee tony ia aster. 
We shall first show that the given condition is necessary. For «. 
this purpose suppose @ to be the limit of the sequence. If n is taken/7>+ 
sufficiently large, say n = m, we have from the definition of a limite’. 
é ‘ 
| a FL | a 9” 
€ 
\? 


Ja —antel <5 
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Combining these two inequalities, we have 


IlV 


| an — Ontn | < €, Kaaar he), ob eee n 


which is the condition set forth in the theorem. 
The above condition is also sufficient; that is, given the condition 


| Qn — Anta | <6, pao eee n=, (14) 


it is possible to show that the sequence has a limit. By virtue of 
this condition we. can find among the a’s some a, such that all of 
the points a1, Q@n+2, . - - lie within some arbitrarily small distance 
e from a,. If we take e < 3, then 
it follows from (14) that all of the 
points a,, n =m, lie within a circle 
(Fig. 11) having a, as center and 
a radius 3. The points an, a for- 
tiort, lie within the circle C, having 
Qm as center and a radius equal 
t@ Il. Among the points amy, 
m2, ... , there exists some one, 
SAY Om, Such that we have 


| Om, — Am +k | < i, 


idaweh, an k= 152,53, 55 ; 


that is, all points an, n = m, lie within a distance of } from am, 
These values then, a fortiori, lie within the circle Cz drawn about 


Qm, a8 a center with a radius of 3. Among the points am, 


a 


Om,+2, . . . there can be found one, say mez, such that 
| Ome ae Onnsth | < % ie I 2, 3; Cay, 


All of these remaining points an, n = me, a fortiori, lie within the 
circle C; about the point a», having a radius of 4. 

It will be observed that Cs, lies within C,, and C3 within Co. Con- 
tinuing in this manner, we obtain a sequence of circles 


Ci, Gani Conse 4 ok s 


fulfilling the conditions of Theorem III; for, each circle lies within the 
preceding circles and their radii, which are 
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respectively, have the limiting value zero. Hence, the sequence of 
circles defines a definite limiting point, which we may designate 
by a. The number ais then the limit of the sequence a1, a2, a3, . 

13. Continuity. A function of a complex variable is said to We 
continuous at a point if the value of the function at that point is 
equal to the limit of the values assumed by the function in every 
neighborhood of the point. There are three things involved in con- 
‘tinuity; first, the function must be defined at the point in question;. 
second, the function must have a unique limit as the variable ap- 
proaches the critical value; and third, the value of the limit must be 
equal to the value of the function at the point. If either one of the 
two latter conditions fails, the function is said to be discontinuous. 
If the first condition is not satisfied, then we can not discuss the 
continuity of the function at the point in question; for, the function 
does not exist at that point. 

This definition does not differ in form from the definition given in 
calculus for the continuity of a function of a real variable, in which 
we say that a function f(x) of a real variable x is continuous at 
x= a, if 


L f(a) = fla). (1) 


This definition requires that the same limiting value f(a) be obtained 
by every possible approach to the point x = a, that is, from either 
the right or the left and through any set of values dense at the point 
a that may be chosen from those values that « may take in the 
neighborhood of a. It is necessary that we take into consideration 
all such values of xz in the neighborhood of x = a, in determining the 
existence or non-existence of the limit. 

In a similar manner, we say that a function of two real variables 
f(z, y) is continuous at the point (a, b) with respect to the two 
variables taken together if we have 


L f(z, y) = f(a, 2), (2) 


> 
y=b 


which involves the condition that the same limiting value is 
obtained by all possible methods of approach to the point (a, b) 
and furthermore, that this limiting value is equal to the value of the 
function at that point. 

The definition of the continuity of a function f(z) of a complex 


V 
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variable may be briefly expressed by saying that f(z) is continuous 
at an inner point z = a of a region S, if we have 


Lf = fla): (3) 


More is involved in this definition than in the corresponding defini- 
tion for continuity of a function of a single real variable. The 
variable x has but one degree of freedom; that is, it can vary along the 
real axis only. It can approach the limiting position from two pos- 
sible directions. On the other hand, the variable z = « + ty can 
be said to have two degrees of freedom since x and y are independent 
variables. The variable z can then approach its limiting position, 
not only from two possible directions, but from any direction in the 
plane, or through any set of values of z dense at a. In order to 
affirm that f(z) is continuous, we must be able to say that the same 
limiting value, namely f(a), is obtained if z is allowed to approach 
a through every possible set of points dense at a. 

If a is a boundary point of a region, then f(z) is said to be con- 
tinuous at a if f(z) approaches f(a) through every set of inner points 
of the region dense at a. We say that a function is continuous 
throughout a region, whether open or closed, if it is continuous at 
each point of the region. 

We can establish the following theorem as a consequence of the 
definition of continuity. 

TuHeorEM I. If f(z) is continuous at an inner point 2 of a region 
S and if f(g.) # 0, then there exists a neighborhood of 2 for which 
42) == 0, 

Since f(z) is continuous at z = 2, we have 


L f(z) = fo); 


that is, for an arbitrarily small positive number e, there exists a posi- 
tive number 6 such that 
PAC ier COM a (4) 


for |z—%|<6. But as f(z) is a constant different from zero, we 
may write 
| f(%o) -O| =A >0. (5) 


By taking e < =, we have by combining (4) and (5) 
A 


But as A is greater than zero, this relation establishes the theorem. 
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The continuity of f(z) = w+ iv with respect to z may be seen to 
depend upon that of u(x, y), v(x, y) with respect to x, y, as stated 
in the following theorem. 

TueoreM II. The necessary dnd sufficient condition that f(z) is 
continuous at z = a is that u(x, y), v(x, y) are both continuous in x, y 
at the corresponding point (a, b), where a = a+ ib. 


This result follows as a direct consequence of Theorem II of Art. 
12 and the definition of continuity. 

It has already been pointed out that when f(z) is continuous at 
z= a, we may write 


eee [2 a |<, (6) 


where ¢ is an arbitrarily small positive number and 6 is another posi- 
tive number depending for its value upon e and a. In other words, 
e is first selected as small as we choose and then 6 is so determined 
that the condition given in (6) is satisfied. For any fixed value of 
e, the value of 6 may change when some point other than z = a@ is 
taken as the limiting point. Moreover, for any particular value of 
z, various values may be assigned to 6. If 2 is any point in a given 
region, denote by 6(z) the value of 6 corresponding to the previously 
assigned value of «. Then, for this given e, 6(z) is a function of z, 


made up of the totality of all the values of 6(z) as z takes the various ~ 


values in the given region. 

Consider now the function 6(z) for all values of z in the given 
region. If for an arbitrarily chosen e > 0, 6(z) has a lower limit 6’ 
different from zero, we say that the function f(z) is uniformly con- 
tinuous in the given region. From what has been said, it will now 
be seen that an essential characteristic of uniform continuity is that 
the relation (6) is satisfied by any definite value 6, where 0 < 6 < 6’, 
regardless of the value of a. 

It is shown in the theory of functions of a real variable that any 
function that is continuous throughout a closed interval is uniformly 
continuous in that interval. The corresponding theorem for com- 
plex variables may be stated as follows: 

TueroreM III. Jf a function f(z) of the complex variable z ts con- 
tinuous in a finite closed region S, then it is uniformly continuous in 
that region. 

To prove this proposition, we shall assume the contrary to be 
true and show that this assumption leads to a contradiction, The 


nu 
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assumption is then that the function f(z) does not satisfy the defini- 
tion for uniform continuity in the closed region S. Since f(z) is 
continuous at every point within S or upon its boundary, we know 
from the foregoing discussion that for a fixed but previously assigned 
value of « there is associated with each point z of the region a defi- 
nite number 6(z), which, however, may vary with the point. The 
function 6(z) is fully defined at all points within S or upon its bound- 
ary. By the assumption that f(z) is not uniformly continuous, we 
have the condition that the lower limit of 6(z) is zero. Inclose the 
region S in a rectangle by drawing lines parallel to the two axes. 

oe | Divide this rectangle R, into four 


equal parts by again drawing lines 
parallel to the axes. In the part 
of S lying in at least one of these 
subdivisions, say Re, 6(z) must have 
‘ the lower limit zero. Divide in the 
AE same way R, into four equal parts; 
\ WK \\ in one of these divisions, say Rs, 
6(z) has the lower limit zero. Con- 
| tinue this process indefinitely. In 
0 | x the limit the sequence of rectangles 
Ri, Re, Rs, ... defines a definite 
point 2’ (Art. 12), which may be a 
point within or upon the boundary of the region S. In any ease, 
since S is a closed region, 2’ is a point of S. We may then say that 
there is, under the assumption as to uniform continuity, at least one 
point 2’ of the given region such that in every neighborhood of 2’ the 
lower limit of the 6’s is zero. 
The given function f(z) is, however, continuous for z = 2’, and hence 
for the point 2’ there exists a 69 different from zero, where 6) = 6(2’), 
such that for any two values 2, 2, of the variable, for which 


|zi — 2’ | < by, | 22 — 2’ | <8, 


Itite., 1P 


we have 
€ 


| fa) —f@) <5 
| fe) —f@)1 <5 


Combining these inequalities, we have 


| f(a) — fl) |<; 
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that is, the oscillation of the function within a circle of radius 49 
about 2’ can not exceed the arbitrarily small number «. If we now 
2 about 2’ as a center, then at every 


point within C the given function f(z) is not only continuous but if 


draw another cirele C of radius 


50 
P) 
of the oscillation of f(z) within this circle likewise can not exceed the 
arbitrarily small number e. Hence, the value of 6 associated with 
do 
3 
zero. If the point 2’ lies upon the Y4 
boundary of S, we consider only that 
portion of the region bounded by the 
two circles which lies in S.  Conse- 
quently, we can now say that the 
lower limit of the 6’s for all points 
lying within C can not be zero as 
assumed. From this contradiction 
the theorem follows. 

From the definition of continuity 
of f(z) at a boundary point and from 9% 
the foregoing theorem, we conclude 
that if f(z) is continuous at each 
point of an are C, end points included, of the boundary of a closed 
region S, then we have for any point z of C 


| f(z) — fla) |<, [2 —z| <6, 


‘where the values of z correspond to inner points of S and 6 is in- 
dependent of 2; that is, for a given e there exists a 6 that satisfies 
the required conditions equally well for all points z of C, end points 
included. We say then that f(z) converges uniformly along C. 
Expressed in terms of limits, it follows that f(z) converges uniformly 
along the are C if the limit 


oe S(@) = f() 


a circle of radius = be drawn about any such point the upper limit 


any point in C can not be less than =, which in turn is greater than 


Tine, ile} 


exists when taken over inner points of S for each point 2 of C, end 
points included. 

We are able now to state the following theorem concerning uni- 
form convergence along an arc. 
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TuroreM IV. If f(z) is defined for a closed region S and con- 
verges uniformly along an arc C of the boundary of S, then f(t) is con- 
dinuous, where t denotes the values of z on C. 

Let t be any point of the are C. Then from the definition of 
uniform convergence, we have 


2) Flo eee 2eext tolcanc, (1) 


where z is confined to inner points of S, that is to inner points within 
a circle yo of radius 6 about tf. Let ¢; be any other point of C situ- 
ated within yo. Then by hypothesis, we have also 


l\f@—-fa)l<«6 le-hl<6 (2) 


for all inner points of S within a circle y; of radius 6 about 4. The 
two circles overlap and imclose common inner points of S. For 
such a common point 2’ of z we have from (1) 


| f(z’) — fl) | <«, 
and likewise from (2), we get 

eize) —= ft) tenes 
Combining these two inequalities, we obtain 

| f(t) — f(t) | < 2. 


But # is any point of C such that | ti — t |< 6. Hence, f(t) is 
continuous at ¢ and therefore for all values of t along C, as stated 
in the theorem. 


THEorEM V. If f(z) its continuous in a finite closed region S, 
then there exists some finite number M such that |f(z) | < M for all 
values of z2in S. : 


To establish this theorem, we assume the contrary to be true, 
namely, that there exists no finite number M answering the condi- 
tions of the theorem, and shall prove that this assumption leads to a 
contradiction of the given hypothesis. Inclose the given region in 
a rectangle by drawing lines parallel to the two axes and divide this 
rectangle into four equal parts. In at least one of these subdivisions 
| f(z) | exceeds every finite value. Let R,; be such a subdivision. 
Divide /t, into four equal parts likewise by drawing lines parallel to 
the two axes. In at least one of these new subdivisions, say Re, 
| f(z) | must also exceed every finite bound. Divide R, into four 
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equal parts in the same manner and regard this process as continued 
indefinitely. In this way a sequence of rectangles 


HSN Ds Some deen eae 


is obtained satisfying the conditions of Theorem IV, Art. 12. 

In the limit these rectangles define a point, say 2, and as the given 
region S is a closed region the point 2 1s a point of S. It can now 
be said that in every deleted neighborhood of zo, f(z) exceeds in abso- 
lute value every finite bound. Consequently, the limit ZL f(z) 


Z=2 


can not be said to exist; because, a set of points 21, 2, 2, ..., 
Zn, . . . , having 2 as a limiting point, can be selected so that as z 
approaches 2 through these points, the function | f(z) | exceeds all 
finite limits, that is, becomes infinite. From the definition of con- 
tinuity, it follows then that f(z) is discontinuous at z. This con- 
clusion is a contradiction of the hypothesis set forth in the theorem 
and from this contradiction the theorem follows. 


THEorEM VI. Jf f(z) is continuous in a finite closed region S, 
then | f(z) | has a finite upper limit in S. 


From Theorem V we know that | f(z) | has a finite upper bound; 
that is, there exists a finite number M such that | f(z) |< M. The 
function f(z) is then represented by points lying within a circle C; about 
the origin having the radius M. The present theorem asserts that 
there exists a circle of radius equal to or less than M such that there 
are values of f(z) represented by points indefinitely close to or upon 
this circle but not without it. Divide the radius M of the circle C; 
into 10 equal parts by drawing about the origin concentric circles 
having the radu 

M 2M 9M 
10’ rigw CeO ie aK 


Among these circles, including Ci, there is a smallest one such that 
no values of f(z) are represented by points lying outside of it. Sup- 
us where k 

10’ 41 May 
have any one of the values 0,1, 2,...,9. If k, = 0, the circle C, 
becomes a point, namely the origin. Between C2 and the next larger 
circle insert 10 other concentric circles having respectively the radii 


k,M i M kM ,2M kM 49M, 
10 10?’ 10 1G eee 0 102 


eck 
pose the next smaller circle Cy has the radius a 


40 DEFINITIONS CONCERNING FUNCTIONS (Coxe 11, 


(ii +1)M 
Tae. 
there is likewise a smallest such that no values of f(z) are represented 


by points exterior to it. Let the circle next smaller than that circle 


nn + ee , Where again k, may take any 


one of the values 0, 1, 2,... ,9. Continuing in this manner, we 
get a sequence of circles 


Among these circles, including the circle of radius 


be C3, having the radius 


Cpa Cat C am, pander 
having respectively the radii 


kM kM 4, eM ky koM . kM 
ir FW 


1074510 M10 10. ees 
This sequence of numbers satisfies the conditions of Theorem VI, 
Art. 12, and hence has a limit, say G. This limit is, however, the 
upper limit required, for the sequence determines the radius of 
the least circle such that no values of f(z) are represented by points 
without it. 

We may now state the following theorem: 


THEorEM VII. [f f(z) is continuous in a finite closed region S, then 
| f(z) | attains its upper limit in S. 


This theorem is equivalent to saying that every function f(z) 
which is continuous throughout a 

Y+ lds ¢, finite closed region is such that 
| f(z) | possesses a maximum value. 
Construct the rectangle (a, bi, 
C1, d:), Fig. 14, inclosing the given 
region S for which the function is 
defined. Divide this rectangle into 
four equal parts by drawing lines 
b, parallel to the two axes. Consider 
only those rectangles that contain 
at least one point of the given 
eee ie region S. By Theorem VI, | f(z) | 

has in S a finite upper limit. De- 

note this upper limit by G. Then in some one of the subdivisions of 
the original rectangle, say (de, bi, ¢2, dz), | f(z) | must have the upper 
limit G. Divide the rectangle (a2, bi, c, d:) likewise into four equal 
parts as shown in the figure; some one of these new divisions, say 
(as, bs, ¢3, d2) must contain such values of f(z) that | f(z) | has the 


rs r 
PSY 
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upper limit G. Consider this process of subdivision as continued 
indefinitely. By each division, some one of the subdivisions must 
be such that | f(z) | has the upper limit G for the values of z in it. 
By this method of subdivision each rectangle that is chosen is 
situated within all of those that have entered previously into con- 
sideration. The dimensions of the rectangles have the limit zero 
and the sequence of rectangles defines in the limit a definite point, 
which we may denote by 2. Since f(z) is continuous for z = 2, we 
have 


S(2) = f(@). (1) 


2>=2Z0 


But as the limit of the absolute values of a function is the absolute 
value of the limit, we have also 


L |s@ | = 4) |. (2) 


In every neighborhood of 2 the upper limit of | f(z) | is G. The limit 
of | f(z) |, as z approaches 2, can not then be greater than G. We shall 
now show that this limit can not be less than G; for, suppose it is 
G— A, where A #0. We then have for an arbitrarily chosen posi- 


tive number e, say « = another positive number 6 such that 


9? 
Ae) | NGA ie ee ian 6: 


that is, for all values of z within the circle having 2 as center and 6 
as radius | f(z) | differs from G — A by less than e. This is a con- 
tradiction to the foregoing conclusion that the upper limit of f(z) in 
every neighborhood of z is G. Hence, the limit L | f(z)| can not 


be less than G, and as it must exist and can not exceed G, it must 
be equal to G. We have then 


L |f@|=G. (3) 


By comparing (2) and (8), we obtain 
| f(z0) | ae G, 


and the theorem is established, 
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EXERCISES 
1. Classify the following functions: 
(a) 323 +72? + 19, 


() bat +9262 38, 
(c) 243+ 722 +3821 -4 4, 
(@) wena, Coma, Noe ae, 


2. Show that 1 is the limit of the sequence 


colts 


4 
5 


co|00 


6 
7) 


leds) el ane, 


273. Given f(z) = (xt + yt — 6 ay’) + (4 ay — 4 ay’). Find the limit of f(z) 
as 2 approaches 2 + 3%. 
4. Show that the sequence of circles given by the equation 


IN? face ey 
(« a) + - i wl Pes Go 6 


n2’ 
defines in the limit one and only one point, namely the origin. 


5. Show that f(z) = log (#2 +y?) +7 are tan 2 aa is continuous for finite 


valuesofz =x + ity #0. 
6. Show that an integral rational function of z is uniformly continuous in any 
given finite region. 


—— te Cieani(@) = a a ; . Show that | f(z) | has a finite upper limit in the region 


bounded by the circle 22 + y? = }. Find this upper limit. 
> 8. Find the limit of the sequence 


@1 Qe, « « » Any » « e 


a 
aes 
where hy = s + 4 [1 @ |. 


9. Given a closed region S in which f(z) is continuous. Show that for an 
arbitrarily chosen positive number e there exists another positive number 6 such 
that 


| f(a) —fl@)|<e«, 


for | a: —2| <6, a1, 2. being points of S. 


CHAPTER III 
DIFFERENTIATION AND INTEGRATION 


14. Differentiation; analytic function. The definition of the 
derivative of a function f(z) of a complex variable is identical in form 
with the definition of the derivative of a function of a real variable. 
Let z be a variable point in the neighborhood of z. Put 


Ne SS 2 => Zp 
and 

Aw = f(z) — f(a) = f(@o + Az) — f(z). 
If the limit 


a Aw = f(2o + Az) — f(z) 
0 Az 


Az=0 AZ vz= 


exists, we say that this limit is the derivative of f(z) at the point 2p. 
The derivative is then the limit of the ratio of the two complex vari- 
ables Aw and Az. From the properties of limits already discussed, 
it will be seen that to have this limit exist, the same limiting value 
must be obtained independently of the path along which z approaches 
z. Moreover, the same limiting value must be obtained if we select 
any possible set of values for z dense at z and let z approach 2 
through these values. The value of the limit must therefore be 
independent of the amplitude of Az as z approaches 2. We shall 
make use of the same symbols as in the calculus of a real variable to 
denote a derivative; for example, the derivative of w = f(z) with 
respect to z is denoted by any one of the symbols: 
Dw, _ wt (ee 

The general laws of differentiation for real variables can be ex- 

tended without modification to functions of a complex variable, 


since they depend upon the general laws of limits, which hold equally Sere cy 
well in both fields. For example, we have — 
(a) D (ew) = eD a0, 

(b) Dw, + we) = Dav, + Dare, 

(c) DAwi +2) = WiDaAry, + wD, 
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1 24 2W1 wD; 2 
(d) p,(™) a Dw =" We 
(e) Di f(w) = Do fw) - Dew), ete: 


It is suggested that the student deduce the foregoing laws for differ- 
entiation directly from the definition of a derivative. As with 
functions of a real variable, the continuity of the function is a neces- 
sary condition for the existence of the derivative. 

The differentials dw, dz may be defined in precisely the same 
manner that differentials are defined in the calculus of real variables. 
For this purpose, suppose w and z are expressed in terms of a third 
common variable t. We have then 


w= w(t), = 20), where w = f(z). 


If we differentiate with respect to the common variable t, we have 
Dw = Dz f(z) + Diz. 


As the derivatives D,w, D.z with respect to the common variable 
enter homogeneously into the above identity, we define the differ- 
entials dw, dz as numbers equal to or in proportion to these deriva- 
tives and write 
dw =D, f(@) dz. 
The parametric representation introduced above gives us some 


advantage in certain discussions. For example, we shall frequently 
have occasion to introduce the condition that 


t= $71), y=¥0), 


where ¢, ¥ are real functions of a real variable t and possess contin- 
uous first derivatives with respect to t. We then have from the 
definition of a differential 


Cd —h (ty Or dy =wW'(t) dt: (1) 


The connection between the real functions ¢(é), Y(f) and the com- 
plex variable 2 is given by the equation z= 2+ iy. We have 
therefore 

a2 = D2 dt 
= id) +7’) dt. 


Replacing ¢’(¢) dt, y(t) dt vy their values as given in (1) we have 
dz = dx + tidy. 
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The higher derivatives and higher differentials follow the same 
laws as in the calculus of real variables and the same symbols are 
used to represent them. 

As we have already pointed out (Art. 11), the general definition 
of a function does not impose upon the functional correspondence 
such special properties as continuity, differentiability, etc. To say 
that f(z) is a function of the complex variable z asserts nothing further 
than that f(z) depends upon z in such a manner that for each value 
given to z there is thereby determined a definite value or set of values 
of the function f(z). We make a substantial advance when we can 
ascribe to a function the properties of continuity and differentia- 
bility. The functions to be considered in this volume possess for the 
most part both of these properties. 

If a given single-valued function f(z) has a uniquely determined 
derivative at the point a and at every point in the neighborhood of 
a, then z = a is called a regular point of f(z). By some authors, 
the function is said to be analytic at z = a and by others it is called 
holomorphic at this point. We shall, however, reserve these terms 
for other uses. 

A point in every deleted neighborhood of which there are regular 
points but which is itself not a regular point is called a singular point 
of the given function. 

If every point of a given region S is a regular point of a single- 
valued function f(z), then f(z) is said to be holomorphic in S. It 
should be borne in mind throughout this and the succeeding chapters 
that we have defined a region to be a continuum of inner points; 
hence, it is understood that a region does not include its boundary 
points unless so specified. We shall speak of a function f(z) as being 
an analytic function of z if it is holomorphic in at least some region 
S with the possible exception of certain singular points which do not 
interrupt the continuity of S. It is always possible then to join any 
two regular points of S by a continuous curve which lies wholly within 
S and which does not pass through a singular point. A more pre- 
cise definition of analytic functions will be given in Chapter VII. 

From the definition of a function which is holomorphic in a region, 
we have at once the following general properties. Given two func- 
tions f(z), ¢(z), each holomorphic in a region S; then it follows that 
in S: 

1. f(z) + (2) is holomorphic, 

2. f(z) - o(2) 1s holomorphic, 
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3, £0 
(2) 

4. If wo is a regular point of f(w), and 2% is a regular point of 
w = $(z), where $(Z) = Wo, then % 1s a regular point of the function 
f \o(z)} considered as a function of z. 

From these properties, it follows that every rational integral 
function of z is an analytic function, holomorphic in the finite region 
of the complex plane. Since every rational function is holomorphic, 
except at most at a finite number of points where the denominator 
is zero, it also is an analytic function. 

15. Line-integrals. It was pointed out in the last article that 
the definition of the derivative of a function of a complex variable 
involves a more complicated limit than the corresponding definition 
in the case of functions of a real variable. A similar generalization 
is necessary in the-discussion of integration, in that we must in gen- 
eral take into account the path along which the integral is to be 
taken. In the case of functions of a real variable, the independent 
variable x can pass continuously from any value x, to some other 
value x, along only one path, namely, by passing through the inter- 
mediate values along the X-axis. In the case of functions of a com- 
plex variable, the independent variable z can pass from a value 2% 
to another value z by any number of different paths. Consequently, 
the definition of a definite integral between two values of z can have 
a significance only when we consider the path by which z passes from 
the one value to the other. 

As the subject is not always considered in elementary text-books 
on calculus, we shall now define a line-integral and discuss some of 
the more general properties of such integrals. Among other things, 
we shall show that the integral of a function of a complex variable 
taken over a given path may be expressed in terms of line-integrals 
of functions of the real variables x, y taken over the same path. 

In the calculus of real variables a definite integral is defined as 
the limit of a sum; that is 


is holomorphic, except for those values of z for which $(z) =0. 


% n 


f(a) de = L D> f(Ee) Ae. (1) 


Stated in words: the portion of the Y-axis between a and 6 is divided 
into n parts, the length A,x of each division is multiplied by the value 
of the function at some arbitrary point & in that division and the 
limit of the sum of these products is taken, as the number of such divi- 
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sions increases without limit while the length of the divisions simulta- 
neously approaches zero. It is of importance to observe that the n 
divisions between the limits of integration are taken along the X-axis 
and each of these divisions is multiplied by a value of the func- 
tion at a point on the same axis. Suppose instead, these divisions 
and the points at which the functional values are to be used as mul- 
tipliers are taken along some curve C, called the path of integration, 
the function with whose values we are concerned now being a func- 
tion of the two variables xz, y. Let the functional value at a point 
on the curve in each division be multiplied by Az, which is the orthog- 
onal projection upon the X-axis of the division of the curve. The 
limit of the sum of these products as Aw approaches zero, that is 
as the number of divisions increases indefinitely, is a line-integral of 
the given function along the path C. This curve may le in the 
X Y-plane, or in case we have a function of three real variables, the 
path of integration may be a curve in space. In the particular 
applications to be made of integrals in the present. volume the path 
of integration will always be a plane curve. Any rectifiable curve, 
that is any curve having a definite length, may be taken as the path 
of integration. However, as there is a certain element of arbitra- 
riness in the choice of the path of integration, we shall avoid certain 
complications in the discussions to follow by taking as that path a 
curve that may be broken up into a finite number of divisions, each 
of which is either a rectilinear segment parallel to one of the coédrdi- 
nate axes or else has the property that it is determined by a function 
y = ¢(x), where ¢(x) and its inverse function « = y(y) are single- 
valued and have first derivatives that are continuous except at most 
at the end points, at which points they may become infinite. Such 
a curve is monotone by segments and for convenience will be desig- 
nated as an ordinary curve,* whenever a special name is necessary 
for the sake of clearness. However, in the present volume only 
ordinary curves will be employed. 

Let AB be one of the finite number of divisions of which an ordi- 
nary curve C (Fig. 15) is composed. Let the codrdinates of the 
points A, B be (2, yo) and (an, yn), respectively. Divide the are AB 
into 7 parts by the insertion of » — 1 points pi, po...,pPr.-.-, 
Pn-1, Whose codrdinates are (1, Yy1), (We, Yo), . +» (te, Ye), .-. 
(fn—1, Yn-1), respectively. 

* Compare: Pringsheim, Hncyklopadie der Math. Wiss., II, A 1, p. 22; also 
Dodd, Bull. of Univ. of Tex., Ne. 222, March, 1912. 


e . 
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: fel A IS te a 


Cae De = 


48 DIFFERENTIATION AND INTEGRATION (Crap. III. 


Select at pleasure a point (£:, 4<) upon each are (pra, pe), k = 1, 
2,...,n. Having given a function F(a, y) which is continuous in 
x and y together along the curve C, form the sum of the products 

of the subintervals 


Apa = Ue —L-1 


B and the values of the given function 
F (a, y) at the points (&, 4). Fi- 
nally, consider the limit of this sum 
as the number of subintervals A,« 
between A and B is increased in- 
definitely, while at the same time 
the length of each interval ap- 
proaches zero, namely, the limit 


Wiggs: e > F(Ex, qe) Ave. (2) 


= 
| 


& 


a 


If this limit exists, it is called a line-integral * of F(a, y) along the 
given curve C between the limits A and B. Such an integral is 
represented by the symbols 


frena [""rane,  f renee. 
Cc Xo» Yo AB 


In defining a line-integral, we took the limit of a sum of products 
formed by multiplying F’(&;, qx) by the projection of the are (pra, pe) 
upon the X-axis. By taking the projection of this are upon the 
Y-axis, we may define in an analogous manner the line-integral 


[Faw ay. 
E 


It will be observed that the ordinary definite integral is merely a 
special case of a line-integral, namely, where one of the axes of co- 
ordinates is taken as the path of integration. 

The existence of the limit defining a line-integral may be made to 
depend upon that defining an ordinary definite integral. Let us 
assume that F(z, y) is a continuous function of the two variables 
x,y together along the path of integration. Let an arc AB of the 
curve y = ¢(x) be selected as the path of integration (Fig. 16). For 
the present, we shall also restrict the discussion to the case where 


* Sometimes called also a curvilinear integral, 
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no line parallel to the Y-axis cuts this are in more than one point. 
We may replace y by ¢(a) and write 


F(a, y) = F(@, o@)) =f), (3) 


where f(x) is a continuous function. The limit considered in (2) 
then becomes 


Ds > f (Ex) Apa. 
N= f=] 


Since f(x) is a continuous function, 
this limit exists and defines the 


6 
definite integral * i f(x) dx, and 


we have 


[iia)ac= J Pe,o@) de, 


where a, b are the projections of A, 
B, respectively, upon the X-axis. 


Consequently, the line-integral ih F(a, y) dx not only exists when 


F(z, y) is continuous in a, y, but we may write 


[Pew de = [pe ae. (5) 


It will be observed that the integral i F(x, y) dx depends in 

general upon the curve C as well as upon the function F(z, y); for, 
b 

taking 2, y, z as the space codrdinates of a point, the integral i f(a) dx 


is represented by the shaded area (Fig. 16) under the curve z = f(z). 
This area is the projection upon the XZ-plane of the area upon the 
cylinder perpendicular to the XY-plane through the path of inte- 
gration y = ¢(x), and underneath the curve of intersection of this 
cylinder and the surface z = F(a, y). As the path of integration 
y = ¢(x) changes, the cylinder changes and of course the projected 
area may change. 

In the discussion thus far we have considered only the case where 
the curve y = $(z) is cut by a line parallel to the Y-axis in but a 


* See Townsend and Goodenough, First Course in Calculus, p. 177, Art. 80. 
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single point. It may happen that such a line may meet the given 
arc AB in more than one point, say at the points yi, yo, ..., as 
shown in Fig. 17. In sucha case the 
given are should be divided into 
several portions such that each por- 
tion satisfies the required condition. 
As the path of integration is an arc 
of an ordinary curve, the number 
of such subdivisions is always finite. 
In the case shown in the figure, 
the are AB may be decomposed 
into the ares AD, DE, EB where 
each satisfies the necessary condi- 
tion. We may therefore write 


| re y) dx -{ Fe, y) dx +f Fe y) dx +f Fe, y) dx. (6) 


If P, Q are two real functions of x, y, we shall understand by the 
line-integral 


Tenet, 1% 


~ 


| ee, Gee Orman ike dx + Ody, (7) 
Loy Yo 


the sum of the two line-integrals 


Try Un Try Un 
i| Pdaz: il Q dy. 
e/ Xo, Yo e/ Xo, Yo 


From what has been said, it follows that these integrals exist if along 
C the functions P, Q are continuous in 2, y taken together. 

It is frequently convenient to change the independent variables 
x, y so as to express the equation of the path of integration in a para- 
metric form. For example, suppose we have 


x = V(t), y = V(t), (8) 


where W(t), Ye(t) are continuous functions of the real variable ¢ 
having continuous single-valued first derivatives, 

As the point (x, y) varies from A to B along the given path of inte- 
gration, suppose ¢ varies from fo to t,. Corresponding to the divisions 
(pri, Pr) Of the are AB, we have the increments A;t = ft; —t-, 
k=1,2,..., mn. By the law of the mean, we have then from (8) 


Le — Lea = Wy’ (tr) > (te — te), 
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where ¢;’ lies between t;-; and ¢;. Corresponding to ¢;’ there is a point 
(&, me) of the are (pr-1, pe). Hence, if we have given a continuous 
function P(x, y), we may write 


n 


>, P(E, me) Ave =D) Pulte’), Wolte’)} Wa’ (’) Aut. 
k=1 


k=1 


Passing to the limit as n becomes infinite, we have from the definition 
of a line-integral 


f Pandr=f"Pimn@, wom de (0) 


In a similar manner, we may show that if Q(z, y) is continuous in 
x, y together, we have 


f ee Day= fem, WOO dt. (10) 


For the general form of the line-integral as given in (7), we have 
then 


tn 
i Par+Qdy= | }P-Wy'(t) + Q-WV,'(t)} dt. eee 
AB to 


The integrals in the second members of (9), (10), (11) are ordinary 
definite integrals. From the relations expressed in these equations, 
the laws of operation with line-integrals may be deduced from those 
of ordinary definite integrals. The following consequences of these 
relations are to be especially noted. 

1. The law for the change of variable in ordinary definite integrals 
applies likewise to the more general case of line-integrals. 

2. The integrals 


i P dx + Qdy, [ Pact Qay 
AB J BA 


have the same numerical value, but are opposite in sign. 
3. If 2 is any point upon the path of integration AB, then 


[ Pdxz+Qdy -{ Pdx+Q dy +f Pdz+Q dy. 
JAB Az aB 


The function to be integrated may involve a parameter in addition 
to the variables x, y. It is sometimes desirable to be able to differ- 
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entiate such an integral with respect to the parameter. Suppose 
we have given the line-integral 


f P@ya) ae, 
AB 


where P(a, y, a) is continuous in 2, y, a taken together and where the 
path of integration AB is independent of a. Suppose also that - 


exists and is likewise continuous in 2, y, a. We may then show that 
d i i OP(a, y, a) 

4. — Pig na)da= 2 — dx. 12 

da AB ( y ) AB 0a ( ) 


This result follows as a consequence of (9). We have 


Came (it d [tn 
wie =—_— s 3 2 / 
sf Pe y,a) dx = = J PIO, Vel), ati") dt. (18) 


, OP .. : : ‘ 
Since — exists and is continuous in (¢, a), we have * 


0a 
d (% OPN ? 
a PIWi(t), Volt), a} V(b) dt = i WO, Vo) OF oy ry at, (14) 
da. to to 0a 


This last integral is by (9) equal to (| oP ind aa) dx. 
JAB da 
Hence, we have from (18) and (14) the required relation as stated in 
(12). 

-? The path of integration may be a closed curve, that is, it may be 
the boundary of a given region, in which case the limits of integration 
are represented by the same point of the plane. There is still a 
choice of direction in which the integral is to be taken. We say that 
it is taken in a positive sense with respect to the region bounded, if 
it is so taken that this region lies always to the left of the observer 
as he proceeds along the curve in the direction in which the integral 
is taken. 

Often the boundary of a region consists of two or more closed 
curves. For example, the region S in Fig. 18 is bounded by the 
curve M and the circles 1, 2, 3. We may speak of M as the outer 
portion of the boundary and of the circles 1, 2, 3 as inner portions 
of the boundary. A region is said to be simply connected if every 
closed curve in it forms by itself a complete boundary of a portion of 
the given region. A region that does not satisfy the definition of 


* See Goursat-Hedrick, Mathematical Analysis, Art. 97, 
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a simply connected region is called a multiply connected region. 
The region S shown in Fig. 18 is a multiply connected region, since 
it is possible to have a closed curve surrounding one of the circles that 
does not of itself form a complete boundary of a portion of the region 


Fig. 18. Fie. 19. 


inclosed. In a simply connected region, a curve between two points 
may always be changed by continuous deformation into any other 
curve between those points, both curves lying completely in the re- 
gion considered; this is not true for a multiply connected region. 

A finite, multiply connected region may be changed into a simply 
connected region by drawing from each inner portion of the bound- 
ary a line connecting it with the outer portion. A line joining two 
points of the boundary is called a cross-cut, and we shall so choose 
the line that it will neither intersect itself nor other cross-cuts. For 
example, the multiply connected region S shown in Fig. 18 may be 
changed into a simply connected region by connecting the circles 1. 
2, 3 with the boundary curve M by cross-cuts as indicated in Fig. 19. 
It serves the purpose equally well to connect each of the circles with 
some one other circle by means of cross-cuts and one of them with 
the outer boundary M. Thus in Fig. 19 we might have joined circle 
2 to circle 3 and to circle 1 and then have joined any one of the 
three circles to the contour M. The boundary points connected by a 
cross-cut may be distinct, as in the case of the cross-cuts joining the 
separate curves constituting a portion of the boundary in Fig. 19 or 
the cross-cut a, b in Fig. 20; or we may have the two boundary 
points coincident as in the case of the cross-cut drawn from the point 
c and returning to the same point, in which case the cross-cut is a 
closed curve. 


54 DIFFERENTIATION AND INTEGRATION [Cuap. IIT. 


The notion of a path of integration may now be extended so as to 
include the boundary of a multiply connected region; for, having 
made the region simply connected by the introduction of cross-cuts, 
Y. the integral may be taken along the 
contour of this simply connected 
region including the cross-cuts. 
For example, in Fig. 19 the arrows 
indicate the positive direction of 
the integral with respect to the 
region S’. It will be noted that 
in any such case the integral is 
taken twice along each of the 
0 ~X cross-cuts, once in either direction. 
This portion of the integral van- 
ishes in accordance with the second 
property of line-integrals already stated. We may then say that 
the integral taken over the contour of a multiply connected region, 
that is, the sum of the integrals taken over the several closed curves 
constituting the boundary, with the proper signs attached, is the 
same as the integral taken over the boundary of the simply 
connected region formed by inserting cross-cuts in the given 
region. * 

16. Green’s theorem. One of the important theorems associ- 
ated with line-integrals gives, under certain conditions, a relation 
between such integrals and ordinary double integrals. This theorem, 
known as Green’s theorem, may be stated for functions of two real 
variables as follows: 


Fig. 20. 


TurorEM I. Ina given finite region S let C be the complete boundary 
of any portion of the plane such that C lies within S and incloses only 
points of S. If in the given region P(x, y) and Q(x, y) are continuous 


real functions of x and y together, having the continuous partial deriva- 
Pore. Ol 
tives ——, ——, then 


Ox oy 
P d i wit aQ oP ] 


where the double integral is to be taken over the region bounded by C. 


* Cf. Osgood, Lehrbuch der Funktionentheorie, 24 Ed., Vol. I, Chap. IV, Art. 4, 
Chap. V, Art. 7. 
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Let us consider the double integral 


PoP. 
JH ay dx dy, 


taken over the region bounded by the curve C. We shall first con- 
sider this curve to be a single 
closed curve such that any parallel 
to the Y-axis cuts it in at most two 
points as indicated in Fig. 21. Let 
A and B be the points of C at which 
x has a minimum and a maxi- 
mum, respectively. A parallel to 
the Y-axis lying between Aa and 
Bb cuts the curve C in two points 
whose ordinates may be denoted 
by y1, Y2, respectively. 


yh 


Because of the continuity of = : Fig. 21. 


the following integrals exist, and we may write * 


Jf Gen fae fea, (1) 


Performing the integration in the second member with respect to y, 
we get from this equation the following relation: 


{ [a y 3 for Pp . 
Abs Agee id ha (x, yo) — P(x, y:)} dz. (2) 


However, the two integrals 


b b 
J'P@ wax, — [Pe de 


are line-integrals taken along the paths AyB, Ay,B, respectively. 
Hence, instead of the integral in the second member of (2) we may 
write a single integral taken in a negative direction around the curve 
C, or what is the same, we may write the negative of that integral 
taken in a positive direction around C, and thus have 


la 
Jf Facay = — | Paz, (3) 


* See Hobson, Theory of Functions of a Real Variable, Arts. 314 and 315. 


; 
a 


> tf 
il a ee f 
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In a similar manner, we can deduce the relation 


ff recay= few. (4) 


By subtracting (3) from (4) we have 


[pated= ff (G-F)e fh 


as the theorem requires. 

To extend (3) and (4) to any finite region bounded by an ordinary 
curve C, all that is needed is to divide the region into subregions, 
each of which satisfies the condition that a line parallel to the Y-axis, 
in case of (3), or to the X-axis, in case of (4), cuts the boundary 
curve in not more than two points, or in a segment as p, gq, Fig. 22. 
This is always possible as indicated 
in Fig. 22, since the given contour 
by hypothesis has only a finite 
number of maxima and minima 
P with respect to x and with respect 

to y. If the boundary C consists 

of several closed curves, the region 
q is multiply connected. By the 
proper introduction of cross-cuts 
this region may be made simply 
connected, and the foregoing argu- 
ys) ; >X ment then holds. As we have seen, 
however, the value of the integral 
along C becomes in this case the 
sum of the integrals taken in the proper direction along the several 
closed curves composing C. 

We shall now consider the following theorem, which is important 
in subsequent discussions. 


ve C 


Higa 22; 


THEoreEM II. Ina given finite region S let C be the complete bound- 
ary of any portion of the plane such that C lies within S and incloses 
only points of S. If in the given region P(x, y), Q(x, y) are continuous 
real functions of x and y together, having the continuous partial deriva- 


. .0Q oP : Ks : 
tives - ae ) Oy’ then the necessary and sufficient condition that the integral 


[Pact edy (5) 
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vanishes for every such curve C is that 


aQ_ aP 
namo (6) 


for all points of S. 
That this condition is necessary may be established as follows. 


We have given the condition that the line-integral (5) vanishes to 
show that the condition (6) follows as a consequence. The function 


aQ 


cas is continuous in S._ If this function is not identically zero 


ox oy 
for all values of z, y in S, then it is possible to find a subregion R 
sufficiently small such that ae _ is of the same sign for all values 


of z,yin R. From Green’s theorem, we sabe 


Ue) Neg oy) ae (7) 


If in R the function @_& ai is always of the same sign for all values 


of x, y, then the double integral in the second member of (7) can not 
vanish and consequently the line-integral i Pdx+Qdy can not 
) 


equal zero when taken around the contour of R. Hence, in order 
that the integral (5) taken around every complete boundary C in S 
shall vanish, the condition (6) must be satisfied identically for all 
values of x, y in S. 

That the condition stated in the theorem is also sufficient follows 
at once from equation (7); for, if (6) holds for all values of x, y in S, 
then the integral (5) taken along any complete boundary C in S 
vanishes as the theorem requires. 

We are now in position to establish the following proposition. 


TuHeroreM III. Jn a gwen finite simply connected region S, let L 
be any ordinary curve joining two points of S and lying within S. If 
in the given region P(x, y), Q(x, y) are continuous real functions with 


respect to x and y together, having the continuous partial derivatives us 


Te then the necessary and sufficient condition that the line-integral 


Oy’ 
i Pdx+ Q dy is independent of the path L is that 
re 
8Q _ oP 
dx Oy 


for all points of S. 
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This theorem follows directly from the conclusions of Theorem II. 
Let (20, yo), (t1, y1) be any two points in the region S (Fig. 23). 
Let Li, Le be any two non-intersecting ordinary curves joining these. 
points and lying wholly in S. The 
lines L;, Ly taken together con- 
stitute a closed curve C lying in S$; 

Zn OL) ee de : , 
and if enor for all points in 
S, then by Theorem II the integral 
i Pdzx+Qdy is zero. Hence 


the two integrals 


f Part eay, [Pax +Qay 
bt Ly 


y, 


Ieivel, P33, 


must be equal, both integrals being taken in a positive direction from 
(20, Yo) to (a, y:). In other words, the line-integral is independent 
of the path. Conversely, if these two integrals are equal, the inte- 
gral around the closed curve C vanishes; but C is any ordinary closed 
curve in S and hence by Theorem II, we have 


aP _ aQ 
ay ax’ 
as the theorem requires. 

To apply the foregoing theorem to a multiply connected region, it 
is necessary first to make it simply connected by the introduction of 
the proper cross-cuts. 

The integral “P dx + Q dy taken along an arbitrary path 


e/ Xo, Yo 
starting from a fixed point (x, yo) and having a variable upper limit 
is, under the conditions set forth in Theorem III, a function of x and 
y. Moreover, we have the following theorem. 


THeoreM IV. Ina given finite simply connected region S, let (xo, yo) 
be any fixed point and (x, y) avariable point. If in the given region the 
functions P(x, y), Q(x, y) are continuous real functions in both x and y 


; beat aP ee 
having the continuous partial derivatives oi ay’ satisfying the condi- 
og seal ant 
tion Bea EN then the integral 
ty 
Por 30 dy 


Zor Yo 
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defines a function F(x, y) such that 


waP, SF =9. 


From what has been said, we know that the given integral defines 
some function of the variable upper limit. We designate this func- 
tion by F(x, y) and proceed to show that this function satisfies the 
condition of the theorem. Let (a, y:) be any point of S and let 
(x; + Az, y:) be a second point of S in the neighborhood of (a1, yi). 
We have then 

a+Az, t1 1, 1 
Feat dz, y) —Fayu) =f Pdx+Q dy — Pdx+Qdy 


Zo, Yo Zo, Yo 
"2+ Ar, Y1 


=| gene ay, 


Ty 
Since by Theorem III the path of integration is arbitrary, we may 
assume it to be rectilinear, and hence we can write 
m+Az, yy z+Azr 
f Pde +Qdy = { P de: (8) 
1, V1 Ty 

for, as y does not vary the value of dy is zero. The resulting integral 
being an ordinary definite integral, we can apply the first theorem 
of the mean * for such integrals and thus obtain 


z+Az 
ff P dz = P(a, + 6Az, y;) Az, (U2 TES ily (9) 


From (8) and (9) we now obtain 


F(a + Az, m1) — F(@, ys) 
Ax 


= Pay -- Ax, Yi). 
Taking the limit as Av = 0, we have 

oF 
sik Yn 7 Pty wn). 


In a similar manner, we may show that 


oF 
ak n i Om, wn). 
Since 2, y; 1s any point of S, we may write 
oF oF 
ee 1 eee () 
0x LA; Y), oy Ua 


for all values of x, yin S. 


* See Goursat-Hedrick, Mathematical Analysis, p. 151. 
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17. Integral of #(z). We shall now consider the integral of a 
function of a complex variable. Let f(z) be a continuous single- 
valued function of z along a given ordinary curve C joining the two 
points a, 6. Between the points a = z and 6 =z, insert n — 1 
division points of the curve, 21, 2, ... , 2-1. Form the sum of the 
products f(¢;) Anz, where A,z is the difference z, — 1 and f(fx) is 
the value of the given function f(z) at some point ¢; on the curve C 
between z,—; and z. The integral of f(z) along C between the limits 
a and £ is defined as the limit of this sum as the number of division 
points between a and £@ is increased indefinitely and each difference 
| 2 — 2-1 | approaches zero; that is, 


f i@ de =L S460 ae. (1) 
eC N=2 p=] 


The existence of this integral can be established either directly, as 
in the case of real variables, or by making it depend upon the existence 
of the line-integrals already discussed. We shall choose the latter 
method. For this purpose we write 


f@) = u@, y) + wa, y), 


where wu, v are real functions of the real variables x, y, and hence we 
have by putting ¢, = & ++ iz, 


F061) Axle) = dso Geen) 
k=l 


=D fu(te, ne) (ee — Le-1) — v (Ex, ne) (Ye — Ye-1)} 


k=1 
n 


+ 1D) {0(Ee, ne) (@e — e-1) + WCE 1) (Ye — Ye-1)}. 


Since f(z) is continuous in z along C, it follows from Theorem II, Art. 
13, that both u(x, y), v(@, y) are continuous in 2, y together along the 
same curve. Moreover, as Az = 0, we have Ax = 0, Ay = 0. 
Hence, upon passing to the limit, we obtain 


[re dz = J dx — vay) + if (w dx +udy); (2) 


for, from the discussion of line-integrals it follows that the two inte- 
grals in the second member of this equation both exist because of 
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the continuity of u(x, y), v(v, y), and hence the integral i f(z) dz 
Cc 


must also exist. 

In the case of simple functions the integral between two given 
points on a given curve may be evaluated by direct application of the 
definition (1). 


Ex. 1. Evaluate the integral if e dz. 


This integral is independent of the path over which it is taken; for, by defi- 
nition, we have 


3 n 
if ee > @ — 24) = L (21 — 2 + 22— 21+ 23 — 22 +--+ + 2n — 2n-1) 
a Deed raed n= 


= L (a — 2) =B—a, 
n=0c 


since Z) = @, Zn = 8, no matter what the intermediate points may be. 


The geometric interpretation (Fig. 24) of this result will enable 
the student to understand more clearly the nature of a definite 
integral of a function of a complex variable. Such an integral was 
defined as the limit of the sum >) f(&%) (Ze — 2-1); that is, we consider 
the limit of a sum of prod- 
ucts, each of which is the 
value of the given function 
at some point ¢; on the 
curve multiplied into the 
directed chord z, — 2-1. 
In this particular case, the 
value of f(x) is always 
unity. Adding 2 — % to 2 — 2, we have geometrically the directed 
chord z — %. Adding to this result the directed chordz; —z, we 
have the directed chord 2 — %, etc. Finally, we have z, — 2, 
which is identically 8 — a as we have seen. This result is very dif- 


Ga, 


Fig. 24. 


8 
ferent from taking the integral i |dz|. In this case, we add merely 


the chords without reference to direction; that is, we have L >) | Axz |. 


ees 


In the limit we should have in this case not 6 — @ but the length L 
of the path * of integration from a to £. 


* See Townsend and Goodenough, First Course in Calculus, Art. 88, 
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B 
Tipsy PAS Evaluate { z dz. 


This integral is independent of the path over which it is taken; for, the limit 
defining the integral exists when ¢ is any point in the interval zz, — zr. We 
may, therefore, select for ¢; any convenient point in this interval. If we take it to 
be 2 or 2-1, we have respectively 


Ye} n B 
g¢le = Ib, Zn (Zh — Sh— or fred = 
fa Yeas! a= 


a N=0 p=] 


n 
» Grasp — eet): 
a 


Hence, we have by taking one-half of the sum of these two results 


(ae = 29? + Bo? — Bit ee? — et «ss 42,” — Ze 7) 
Dy, 


Te 


2 2 


no matter what the path is, since as in Ex. 1, % = a, 2, = B. 

In both of these examples the result obtained is the same as that 
obtained by substituting the limits of integration in a function of 
which the integrand is the derivative and taking the difference. 

The definite integral of a function of a complex variable has been 
defined as a limit. From this definition and the laws of operation 
with limits, the general properties of such integrals can be deduced; 
or, they may be shown to hold as a consequence of the corresponding 
properties of line-integrals in the calculus of real variables. The proof 
in many cases is so evident that it is left to the reader to supply. 
If a, B be two points on the path of integration C, we then have 
among other properties: 


i if *plz) dz =— Mic dz. 
2. [ocr (2) dz = o [ PH2) dz. 
3 frre + $(z)] dz = [PAe) dz + [*(2) dz. 


This last. property can be readily extended to the case involving 
any finite number of functions, It can not, however, be extended 
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to the case involving an infinite number of functions without intro- 
ducing some condition as to the character of the convergence of the 
series thus introduced. 


pe Cm, 
4, [ore dz =f f(2) dz + fH) dz, 


where 2, lies upon the path of integration C connecting a and B. 

This property can be extended. to the case where the path of inte- 
gration is broken up into a finite number of parts by inserting 
between a and 6, n —1 points 2, 2, ..., 2-1 on the path of 
integration. If the ordinary curve constituting the path of inte- 
gration C is composed of a finite number of connected lines Ci, 
Cy, - «. , Ca, we write 


frou= frout f tout +f foe 


This relation enables us to extend the definition of an integral to 
include integrals taken over the contour of a multiply connected 
region. As in line-integrals of functions of real variables, the inte- 
gral is said to be taken in a positive direction with respect to the 
region bounded when it is taken in a positive direction with respect 
to this region about each closed curve constituting a portion of the 
boundary. The integral over the complete boundary is unaffected 
by the introduction of the cross-cuts necessary to make the given 


region simply connected. 
B 
Fr af ne eae 


ire dz 
We have 
= Do | f(o%) Ane | = Die [+] Axel, 
k=1 k=1 


J (Cx) A,.2 


since the absolute value of a sum is less than or at most equal to the 
sum of the absolute values of the terms, and the absolute value of a 
product is always equal to the product of the absolute values of the 
factors. Passing to the limit as Az approaches zero, we have the re- 
quired relation. 

From Ex. 1, we have 


6. [Plaj=x 
JG 


where L is the length of the path of integration. 
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7. | fre) dz 


where M is the maximum value of | f(z) | along the path of integration 
and L ts the length of that path. 

The result stated in this theorem follows at once from (5) and (6); 
for, we have upon replacing | f(z) | by its maximum value 


| {"s@ dz 


18. Change from complex to real variable. We can readily de- 
duce the law for the change of the independent variable in a definite 
integral of a complex variable. We shall first consider the change 
from a complex variable to a real variable. We have from equation 
Q)eArt. 17, 


|| je) de= f ude —vdy +i f vdr+udy, (1) 
AB AB AB 
where f(@) = ula) + way) 


= 6 > lbp 


B 
=m ["|dz|=M-L 


By aid of equation (11), Art. 15, we may express the two integrals in 
the second member of (1) in terms of a parameter ¢ and thus obtain 


th 

fl. udx —vdy = ip SweWy'(t) — v + We! (t) t dt, (2) 
tn 

five +udy = i fv -Wy/(t) + w-W,'(t)t dt, (3) 


where as in Art. 15 
z=WV,(t), y=), th =t=t, 


are the parametric equations of the path of integration. By combin- 
ing (2) and (3), we have from (1), 


J, J0e= JO ew' —vwOlari [ow buen (ha 
= [Otay po + Oh at (4) 


Remembering that 


Dez = Dil) + ()] =O) + We'd), 
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and putting 
f(z) = u(x, y) + we, y) 
wu IWi(t), Vo(t)} + w{i(t), Ve(t)} 
P (t), 


we may write the above result in the following compact form: 


f fe dz = J F(t) Diz dt. (5) 


We thus obtain precisely the same rule for change of variable in the 


integral i f(2) dz as is ordinarily formulated for the definite integral 
AB 


of a function of a real variable; namely, substitute in f(z) dz 
z=WV,(t) + (0), dz = {%/(t) + iW,’ (t)} dt, 

with a corresponding change in the limits and the path connecting 

them. Equation (4), or its equivalent equation (5), gives a means 

by which the calculation of an integral of a function of a complex 


variable may be made to depend upon the evaluation of at most four 
ordinary definite integrals of functions of a real variable. 


: d : : : 
Ex. 1. Evaluate the integral ike = where C is a circle of radius p about a. 
Put z—a = p(cos 6 + tsin 8), 
whence Doz = p(—sin 0 + 7 cos 8) 
= ip(cos 6 + 7sin @).. 


As z describes the circle C, @ passes from 0 to 27. We have then 


26 i : 6 aa y, 
=f n(eca b - 7p(cos @ + 7 sin 6) da 


cz-—a + isin 0) 


Ex. 2. Evaluate the integral up = Car where C is the same as in Ex. 
1, and n is an integer different from one. 
As in the preceding example, put 


Z—a =p(cosd+ (sin 8). 
We then have 


i dz de (re ip(cos 8 + isin 0) dé 
C 0 


(¢—a)” p"(cos 0 + isin 6)” 


=i J | {eos (n — 1) 6 — isin (n — 1) 0} do 


4 


Ef DURE 21 = bs ie 7 ae _ 
ae |) cos (n — 1) 6 da if sin (n — 1) 6 d6}. 
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But from the calculus of real variables, we have for n ¥ 1, 


("cos (n — 1) 6d0 =0, fo" sin (rn — 1) 0d6 =0. 
0 


~0 


Hence, we obtain the result 


dz 
i C250 = 0, nl. 


We shall consider later (Art. 22) the ease of change of variable from 
one complex variable to another. 

19. Cauchy-Goursat theorem. The properties of definite in- 
tegrals considered in Art. 17 depend upon the condition that f(z) 
is a continuous function. Consequently, they hold where the given 
function is holomorphic, since such a function is necessarily contin- 
uous. 

We shall now consider some of the special properties of integrals 
of functions which are holomorphic in a given region. The most 
important and fundamental of these properties is stated in a theorem 
due originally to Cauchy. The proof of this theorem may be made 
to depend upon Green’s theorem but the results obtained can then be 
said to hold only under the initial restrictions assumed in the demon- 
stration of that theorem. Goursat has shown * that the condition 
that the derived function f’(z) is continuous is not necessary for the 
demonstration. In order to establish the theorem without assuming 
this condition, the following lemma will be of use. 

LemMaA. Given a region T in which f(z) ts holomorphic. Let the 
ordinary closed curve C, lying wholly in T and containing only points 
of T, be the complete boundary of a region T’. It vs always possible to 
divide the region T’ into a finite number of squares S; and partial squares 
R; such that within or upon the boundary of each of these subregions there 
exists a potnt 2; such that as 2 describes the boundary of the subregion 
we have 


wee - fi) 


ey 


— Fe) (1) 


where € is a previously assigned arbitrarily small positive number. 

The boundary curve C (Fig. 25) is by hypothesis an ordinary curve 
and hence has but a finite number of maxima and minima with respect 
to x and with respect to y. Consequently, by drawing lines parallel to 


* See Trans. Amer. Math. Soc., Vol. I, pp. 14-16; Moore, Ibid., pp. 499-506; 
Pringsheim, Trans. Amer. Math. Soc., Vol. II, pp. 413-421. 
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the two axes of codrdinates we can cover the given region 7” with a 
system of congruent squares, such that the perimeter of no square is 
cut by the contour C in more than two points. Let ¢ denote the 
length of a side of these squares and let A denote the combined area 
of these squares. By this means 
the given region J” is subdivided 
into smaller regions. Some of these 
regions are complete squares and 
others are partial squares along 
the contour C, bounded in part by 
straight line segments and in part 
by ares of C. There may or may 
not exist within or upon the bound- 
ary of each of these subregions a 
point 2; satisfying the conditions of 
the lemma. 

If in any subregion such a 
point does not exist, we divide the 
corresponding square into four 
equal squares by drawing lines par- 
allel to the two axes of codrdinates. Those squares or partial squares 
satisfying the condition given in (1) are left unchanged. Moreover, 
we consider only those new squares and partial squares that lie in 
the region T’. If any of these new squares or parts of squares satisfy 
the required condition, they are not subjected to further subdivision. 
The process of subdivision is, however, continued with the rest. 
In this way either there is ultimately obtained a finite number of 
subregions of the desired character, or there exists at least one in- 
finite sequence of squares cach lying within the preceding, such that 
these squares or, in case the squares contain points not in 7”, the cor- 
responding partial squares in no case satisfy the condition set forth in 
(1). The sides of the squares of this infinite sequence approach zero 
as a limit, and the sequence satisfies the conditions of Theorem IV 
of Art. 12. Consequently, such a sequence defines a definite limiting 
point a. 

The point @ is a regular point of the function f(z); hence the deriv- 
ative f’(a) exists and we have 


pL ate) - 10), ) 
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where z — a is the increment of z. This relation can be written in 
the form 
Nie - f(a) — f'(a)| <«, (3) 
Z—a 

which holds for all values of z in 7’ such that |z—a|< 6. Draw 
about the point a a circle of radius 6. From some point on in the! 
sequence of regions defining the point @, all of the regions lie within’ 
this circle, and consequently if a is taken as the point z; the values 
of z upon the perimeter of any one of these regions are such that (1) 
is satisfied. This conclusion contradicts the assumption that none of 
the subregions of the sequence satisfies the required condition. From 
this contradiction the given proposition follows. 

By aid of this lemma, we may now demonstrate the Cauchy- 
Goursat theorem, which may be stated as follows: 


THEOREM I. Let f(z) be holomorphic in a given finite region S and 
let C be the complete boundary of any portion S’ of S such that C lies 
wholly in S and incloses only points of S; then 


[se dz = 0. 


The boundary C may consist of a single closed ordinary curve or a 
combination of such curves. We shall first consider the case where 
C isa single closed ordinary curve and the inclosed region S’ is simply 
connected. Let S’ be divided into squares and partial squares satis- 
fying condition (1) of the foregoing lemma. Let n denote the number 
of squares S; and m the number of partial squares R;. If the integral 
is taken in a positive direction around the perimeter of the various 
subregions S;, R;, it will be seen that each side of these regions that is 
not a portion of C is taken twice as a path of integration, the two in- 
tegrals being taken however in opposite direction. Considering the 
sum of the integrals about the perimeters of all of the regions S;, Ri, 
we may therefore write by aid of 4, Art. 17, 


[s@e=d fs@a+d f 10 a (4) 


where y;:, \; denote the boundaries of S;, a respectively. 
From the lemma, we have within or upon the boundary of each 
S;, R; a point z; such that 
feats) (2) — fla 


(Gp (55 


2 — je) | <« (5) 
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This relation can be written in the form 


F(z) — fle) = (@ — &) files) + aie — 2), (6) 
where y; is a function of z such that 
| ne | < €, (7) 


when 2 varies along the contour of S; or R;. We shall now consider 
the integral around the perimeter of one of the squares S;. We have 
from (6), since 2; is a constant for this integration, 


J sedqte-arenlf dt rey f edet [ye-2) de @) 


From Exs. 1, 2, Art. 17, we know that 


*B 8B 
fo @=B-«, pede = 3G" - 


In the particular case under consideration, as the path of integra- 
tion is a closed curve, a and 8 are the same point, and hence both of 
these integrals vanish. From equation (8) we then have 


J 10 Co Lf te — 2;) dz|- 


Let the length of one side of the square S,; be c;. The diagonal 
of the square is then c; V2. Hence, we have 


|z—2;| =e; V2. 


(9) 


Making use of this relation and of that given in (7), we may now 
write by 7, Art. 17, 


Lf 4 dz 


where A; denotes the area of S;. 
Consider now the integral taken around one of the partial squares 
R;. We have 


[1 dz= ise) ese [ dz+f’(z;) J zac fea) dz. (11) 


<eov2 f |dz| =ee;V2-4¢,=€4V2A,, (10) 


As before the first two integrals in the second member of this equation 


vanish and we have 
=| fone - 2) ae 
ri 


| J HOME 


(12) 
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We may denote by c; the length of a side of the square of which R; 
is a portion, R; being that portion of the square cut off by curve C 
and lying in S’. Let J; be the length of that arc of C which forms a 
portion of the boundary of R;. We have then |z— 2; | = ¢& A/D: 
From (12), we have 


[se dz 


where B; denotes the area of the square of which R; is a part, and ¢ 
is the length of one side of the largest square that comes into consider- 
ation in the subdivision of SS’. 

Replacing each term of the sums in (4) by its absolute value, we 
have, by use of (10) and (13), 


[fe dz 


< ec V3 [ |dz|<ec;V2(4e;41,) =eV2(4B;+dl;), (18) 
Aj 


m 


<eV2 } Se D4 Bit d)} 
i=1 1=1 


=¢V2§4A + cL}, (14) 


where L denotes the length of the curve C, and A denotes, as in the 
discussion of the lemma, the combined area of the system of congru- 
ent squares with which the region S’ was originally covered. The 
expression included in the braces is therefore a constant, and as e€ is 
arbitrarily small the product is arbitrarily small. As the absolute 


value of the integral iL f() dz is shown to be less than an arbitrarily 
Jo 


small number, it follows that 


[so de 0, 


as required by the theorem. 

The above theorem is now established for the case where the 
region S’, bounded by C, is a simply connected region. The proof 
may readily be extended to the case where S’ is multiply connected. 
By introducing the necessary cross-cuts, S’ becomes simply con- 
nected and the foregoing proof applies. However, in taking the in- 
tegral around the boundary, including the cross-cuts, these cross-cuts 
are traversed twice, once in each direction. As pointed out in Art. 
17, this portion of the integral vanishes, and we have the theorem 


applying to the complete boundary C of the multiply connected 
region S’. 
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In the statement of Theorem I, it is assumed that f(z) is holomorphic 
in the region S’ including its boundary C. We shall now show that 
it is sufficient that f(z) is holomorphic within the region bounded by 
C and converges uniformly to its values along C. As we have already 
seen (Art. 13), such a condition is equivalent to saying that the values 
of f(z) along C are continuous with the values of the function within 
the region bounded by C. Moreover, uniform convergence, together 
with continuity of f(z) within the region bounded, enables us to say 
that f(z) changes continuously as z varies continuously along C. In 
certain discussions, the conditions given in the following theorem will 
be more convenient than those of Theorem I. 


TuHeorEM II. Jf f(z) is holomorphic within a finite region S bounded 
by an ordinary curve C and if it converges uniformly to its values along 
C, then 


ih Fig) de = 0: 


Since f(z) converges uniformly 
along C, it follows from the dis- 
cussion of uniform convergence 
(Art. 13) that about each point z of 
C there may be drawn a partial 
circle of radius p, which is the inde- 
pendent of z, such that for all values of ¢ within this partial circle 
we have 


ies 26) 


VO-Jelae. |b 2) <5 


Since this condition holds simultaneously for all values of z along C, 
there exists a closed curve C’ such that as ¢ traverses C’ we have 


t= % + Oz — &), Om Geri 


where 2 is a fixed point interior to the region bounded by C’ and @ is 
a constant. The difference of the integrals of the given function 
taken along the two curves C and C’ gives* ( 


[fe dz — eo dt = [so dz — of tle + A(z — 2)| dz 
= iL if(2) — Of[zo + O(2 — zo) |i dz. (15) 


* See Art. 22 for method of change of variable. 
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But the integrand in the last of these integrals may be written in the 
form 


Jie) — Ofle —(e = 20) (1 —9)] 
= f@)— fle-—@ — #) A— 1+ — &) fle —@ — %) (1 — 8)]. 


Since (1 — @) can be taken arbitrarily small, the right-hand member 
of this equation can be made as small as choose; that is, it can be 
taken less than an arbitrarily small positive member «. We then 


have 
| [rea [soa] <a f lel=at, 


where L is the length of the curve C. But as L is finite, the product 
e,: Lis arbitrarily small. The integral i (S(t) dt is zero by Theorem 


ik dz—0; 


TuHeEorEM III. Given a finite simply connected region S in which 


I. Hence we have 


the integral | f(z) dz vanishes when taken along any closed curve C 


lying wholly within S. Any two paths of integration having the same 
catremities and lying wholly within S give the same value of the integral 


[so dz. 


Let amb, anB be any two curves (Fig. 27) connecting the points 
a, B and lying wholly within the 
region S. We shall assume that 
these two curves do not intersect 
each other. The curve am fol- 
lowed by the curve Bna constitute 
a closed curve C. Then by hypo- 
thesis, we have 


fi@a= [feat 
C amp 


lives, Wie f@) dz = 0, 


Bna 


or by reversing the direction in which the integral is taken along 
Bna, we have by 1, Art. 17, 


“ny 
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Jf Jjodu- f sod=0;, 
fle)de= J Sle de 


as required by the theorem. 
It follows that, under the conditions set forth in the theorem, the 


whence 


amp 


value of the integral iP f(z) dz depends upon the limits between 


which the integral is taken, but not upon the path. If one of these 
limits of integration, say 8, is replaced by the variable z, the integral 
is a function of the upper limit and we may write 


ff Oe Ag). 


Consequently, we have the following corollary. 
Corouuary I. Given a finite simply connected region S in which f(z) 


is holomorphic. The integral | f(z) dz taken along any two paths 


joining the same two fixed points of S and lying wholly within S has the 
same value for the two paths. If one limit of integration is a variable, 
the integral is then a function of that limit. 

This corollary is equivalent to saying that if f(z) is holomorphic 
in a simply connected region S then a path of integration between 
two points of S can always be deformed into any other path lying 
wholly within S and joining the same 
two points without affecting the value 
of the integral. 

If the given region is not simply 
connected, it may be made so, as 
has been already pointed out, by [| 
the proper insertion of cross-cuts 
(Fig. 28). Of course the cross-cuts 
then form a part of the boundary and 
may not be crossed by the path of 
integration. In the resulting region 
the foregoing proposition applies, and consequently we have the fol- 
lowing generalization of the foregoing corollary, namely: 


Fig. 28. 


TuroreM IV. Let S be any region in which f(z) is holomorphic 


except at most at certain points, If a path of integration of J f(z) dz 
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between any two distinct points a, B of S is deformed into any other path 
between these same points such that it lies wholly in S, the value of the 
integral is not affected, provided that in the continuous deformation of 
the one path into the other no singular point of f(z) 1s encountered. 

If the path of integration is closed, that is if a and B become coin- 
cident, it follows that we may replace any such path C; (Fig. 29) 
by any other closed path C., 
provided that in the region S’ 
bounded by the two curves no 
singularity of f(z) is to be found; 
for, by introducing a cross-cut as 
shown in the figure, the curve C2 
together with the cross-cut may 
be regarded as obtained by means 
of a continuous deformation of Cj. 
But as the cross-cut is traversed 
twice, once in each direction, in 
taking the integral along the closed path from a back to the same 
point, it may be omitted. For a closed path of integration, we 
have therefore the following theorem. 


TuHeorEM V. In any region S in which f(z) ts holomorphic except 
at certain points, a closed path Cy of integration | f(z) dz may be 


replaced by any other closed path Cy lying either interior or exterior to 
Ci, but lying wholly within S, provided the region bounded by the two 
curves incloses no singular points of f(z) and no points not belonging 
to S. 


Tueorem VI. If f(z) 7s holomorphic in a finite closed multiply 
connected region S bounded by an exterior curve C and a finite number 
Of ANNer Curves Cis ae 1Gnn LDCR 


° 


S [1@) dz, 


k1- ¢ 


i fz) dz = 


each integral being taken in a positive direction with respect to the region 
inclosed. 

Connect each inner curve c, with the exterior curve C by a cross- 
cut, thus making the region simply connected. From Theorem JI, 
the integral taken around the complete boundary, including the 
cross-cuts, is zero. However, it was shown in Art, 17 that this inte- 


Tas 
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gral is equal to the integral taken over the boundary of the multiply 
connected region. We have then 


ih f(2) dz +® i f(z) dz = 0. (15) 


If now the integrals along the curves c;, are taken in a positive direc- 
tion with respect to the regions interior to these curves rather than 
to the region S, the direction in which each integral is taken is 
changed, and hence by Theorem I, Art. 17, we have 


[toa -> fie, 


as stated in the theorem. 


20. Cauchy’s integral formula. The following theorem, known. 


as Cauchy’s integral formula, is of fundamental importance, as it 
enables us to express the value of a function of a complex variable 
at any inner point of a finite closed region in which it is holomor- 
phic, in terms of an integral taken around the boundary. 


THEorEM I. Given a finite closed region S whose boundary C con- 
sists of a finite number of ordinary curves. If f(z) is holomorphic 
within S and converges uniformly 
along C, or if it is also holomorphic 
for values along C, then for any inner 
point a of S we have 


1 f(z) dz 


271 “h fin— T64 


fle) = 


In accordance with the state- 
ment of the theorem, the bound- 
ary C may consist of one or more 
closed curves. For example, in Fig. 
30 the complete boundary consists of the two curves C; and Co. 
About the point @ as a center, draw a circle y of radius p lying en- 
tirely within the region S and inclosing only points of S. Denote 
by S’ that portion of the region S lying outside the circle y. Then the 


Bikes GO) 


function ICE is holomorphic in the region S’, since by hypothesis 


ar 


ut 
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f(z) is holomorphic in the region S. From Theorem I, Art. 19, we 
have upon integrating about the contour of S’ 


fade, (f@de_y 


Cz2—a y2@—@ : 


or taking the integral about y in a positive direction with respect 
to the region inclosed by y, we have after transposing this integral 
to the second member of the equation 


(ep fis 


Fh — (Bt yh = 00 


This result holds for all values of p, provided the circle lies entirely 
within S and incloses only points of S as stated above. 
Because of the continuity of f(z) at the point z = a, we have 


ICN Noe (2) 


For an arbitrarily small ¢, let z take values upon the circle y whose 
radius p is not greater than 6. Consider now the integral 


ee | ee 
ers peer y 2-@ ae. (3) 
From the Ex. of Art. 18, we have then 

dz 


dye — a 


= 271. (4) 


To evaluate the second integral in the right-hand member of (3) put 


2—a = p(cos@+7sin 6). 
We then obtain 


[ee a= fe -1093 


(pS (as 


= {i — Ho) ia. (5) 
By 5, Art. 17, we have 
“f(@) = f(a) 4, 
zZ—a 


Y 


= [Wi — se) ||]. (6) 


Since p, the radius of the circle of integration, was taken less than 
or at most equal to 6, we have by aid of (2) 


JU fe) | 10) < ef" ao | = 26 


Art. 20.] CAUCHY’S INTEGRAL rig 


From (6), we have 


| [Pa a oee (7) 


The foregoing integral has the same value if y is any circle about a 
as a center, provided of course that the circle lies wholly within S. 
In other words, this integral is independent of the radius p and hence 
is independent of «. Since 2 7e is arbitrarily small, we have there- 


fore 
Ad =O oe 


y @—-a 


(8) 


Substituting the results given in (4) and (8) in equation (3), we 


have 
f(@) dz _ : 
[@s = = f(a) -271. 
Finally, we have from equation (1) 


{Poe ieee 
Cc 


zZ-—a 

diel nee f(2) dz 
or : fla) = 5 Brae 
which is the desired result. 

As a consequence of the foregoing theorem, it is of importance to 
observe that the values of a function f(z), which is holomorphic in a 
finite closed region S, are fully determined for values within S if 
we know its values upon the contour of that region. 

The following theorem is of importance in the further develop- 
ment of the theory of analytic functions. 


(9) 


TueoreM II. Jf f(z) 1s holomorphic in a given finite region S, then 
the derivative f’(z) 1s a continuous function in S; moreover, f’(z) is 
itself holomorphic in S. 

Let 2 be any inner point of S and let C be an ordinary closed 
curve, or combination of such curves, lying in S and forming a com- 
plete boundary having likewise the point 2 as an inner point. For 
example, in Fig. 30 the complete boundary C consists of the two 
curves C; and C2. From Theorem I, we have 


SiO ay] eas 


271 ew 


where ¢ is a complex variable taken along the contour C. 
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Let 2 + Az be any second point in the neighborhood of 2, say 
within the circle y lying within C and having 2 as a center and p as 
a radius. We have then 


nar Ae) = Jeo f(t) dt H5e] aoe 
Az = 55 c(t — 2 — Az) Az Z2atJc(t — a) Az 
LO dt 


(10) 


= 55 o(f — % — Az) ¢— Zo) 


However, 
1 a 1 fe Az 
(6 — 2) (E— 2 — Az) (£—2)? | ($— 2)? (t— & — Az)’ 


and consequently, 


f(b) dt he f(t) dt Azf(t) dt. (11) 
c(t — 2) (é — 2 — Az) e cle = Ane e ot — 2%)? (ae) 


We can readily show that the last of these integrals has the limit 
zero as Az = 0. To do so, let r be the lower limit of the distance of 
any point within y from a point on C. We have then 


|t — 29 — Az| > 7, |t—z|>r. 
By use of 7, Art. 17, we may now write 


E Aef(t) dt < ML 
Jo(t — a)? (6 = % — Az) ape 


where M is the maximum value of | f(¢) | along C and L is the length 
of the curve C. Hence as Az approaches zero, we have zero as the 
limit of this integral, 
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Consequently, passing to the limit as Az = 0, we have from (11) 


f(t) dt S(t) dt 
a ih (=a) G—a4—Az) Jet —x~)? 


Hence, from (10) we get 


Io +42) = fe) _ 1 f fat 
L =s5 7 


Az=0 Az 271 C t— 2)?” 


or 
F(t) at 


Ge ea c(t — %)* 


In the same way, we may show that 


f'(e )=.- mf fit) dt 
ful Oa (t= ($= 2)> 


3! f(t) dt 
2 Ti. Gite t) 47 


ra Se Ht) dt 
P00) = Ori Jo aay 

The existence of these integrals enables us to affirm the existence of 
the higher derivatives of f(z). Consequently, the derivative f’(z) 
is continuous and holomorphic as the theorem states. A similar 
statement may now be made with reference to each of the higher 
derivatives. 

Since f’(z) is holomorphic in S if f(z) is holomorphic in S, it follows 
that both f(z) and f’(z) are continuous in any closed region S’ lying 
within S and hence by Theorem III, Art. 13, both f(z) and f’(z) are 
uniformly continuous in S’. 

The fact that the continuity of the derivative f’(z) follows from its 
existence renders the theory of analytic functions of a complex variable 
in many respects simpler than the theory of functions of a real vari- 
able; for, a derivative of a function of a real variable may exist at 
every point in an interval and yet not be continuous throughout 
the interval. In the next article, it will be shown that the conti- 
nuity of the partial derivatives of the first order of wu, v, where f(z) = 
u(x, y) + iv(az, y), follow from ‘the continuity of f’(z). When that 
result has been established, we shall be able to apply to subsequent 
discussions the results of Green’s theorem. 


f ’ be f / 
whey, Perue freunke fe 
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TuroreM III. Let f(t) be a continuous function of the complex 
variable t along an ordinary curve C, which may be closed or not. The 
integral 

f(t) dt 


== 2 


defines a function of z which is holomorphic for all values of z different 
from t. 
It is at once evident that the given integral defines a function of z. 
We may put a 
F(z) = $O dt ak ee 
G@b= Fe 
Then, by the reasoning employed in the demonstration of Theorem II, 
we obtain 
f(t) dt, 
ct = 2)” 
that is, F(z) has a derivative for each value of z different from t. 
Hence, the function F(z) is holomorphic for all such values of z and 
if F(z) has any singular points, they must be points on the curve C. 
By aid of the foregoing theorems, we can now prove the converse 
of the Cauchy-Goursat theorem. This theorem is due to Morera * 
and may be stated as follows: 


eG) = 


TuEeoreM IV. If f(z) is continuous in a given region S and if the 
integral | f(z) dz is zero when taken around the complete boundary C 


of any portion of S, such that C lies wholly within S and incloses only 
points of S, then f(z) ts holomorphic in S. 


If the given region S is multiply connected, let it be made simply 
connected by the imtroduction of cross-cuts. Then every closed 
curve C lying within the new region S’ is a complete boundary and 
by hypothesis the integral taken along such a curve is zero. We shall 
show that in this simply connected region f(z) is holomorphic and 
hence holomorphic in S, even though this given region is multiply 
connected. Let a be a fixed point of S and 2 any other point of the 
same region. Denote by 2 + Az any point of S’ in the neighborhood 
of %. Because 


[iou=o, 


* See Reale Instituto Lombardo di scienze e lettere, Rendiconti, 2 series, Vol. 19 
(1886), p. 304, 
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it follows from Theorem III, Art. 19, that the value of the integral 

between any two points is independent of the path. Since we are 

at liberty, therefore, to select arbitrarily the path of integration 

between a and z + Az, without affecting the value of the integral 
%Zq+Az 

| f(2) dz, we take a path pass- 


a@ 
ing through z and rectilinear be- 
tween 2 and z+ Az, as indicated in 
Fig. 32. The value of the integral 
is 
i f(z) dz, where ¢ is a point upon this 
path, is a function of ¢, and we may 
write 


FQ) = ['7@ ae 


Hires 32: 


Hence, we have for ¢ =z and ¢ =z + Az the following values of F'(¢): 
FQ) = [“1@ as 
zy t+Az 
FG + de) = ff) de 


a 


whence 


AF (@) = Flea + Ae) — Fla) = [fede — "fe ae 
S i] hot ers (12) 


0 


The given function f(z) is continuous in S, and, therefore, we have 
for an arbitrarily small positive number e, another positive number 6 
such that 

lf(2) —f(e) |<, for |z—2|=|Az| <6. 


This relation may be written 


S(2) = fle) + (2), 
where 
Lpipeae, for | Ag l-< 6. 


Putting f(z) + 4 in place of f(z) we obtain from (12) 


“zo tAz zo+Az 
AF = i f (2) dz + {i n dz. (13) 
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Dividing by Az, we have 
Pte othe ff ae = 


=x icnyiret v9 de. (14) 
il Zot Az zo Az 
But eC f(z) dz =i) i) de, 
which is equal to 
HE) | np = #(a). 
Moreover, we have 
it *zy+Az = il zp Az 
ed |= pe fini leel 
€ ie d = 
=< paz| Js \ae*| =e: 
From (14) we now get 
en fe)| <5 [al <8 
that is, 
AF 


wb ia = Pe) = Se) 


_ Since 2 was taken to be any point of S, it follows that for all values 
‘of z in S we have 


F(z) = f@). (15) 


Consequently, F(z) is holomorphic in S; but, as we have seen, the 
derivative of such a function is also holomorphic; hence f(z) must 
likewise be holomorphic in S, as the theorem requires. 

The Cauchy-Goursat theorem states a necessary condition that a 
given function f(z) shall be holomorphic in a given region. The 
theorem just demonstrated gives a sufficient condition that a con- 
tinuous function is holomorphic. We may combine these two results 
into the following theorem. 


Turorem V. The necessary and sufficient condition that a continuous 
function f(z) ts holomorphic in a given finite region S is that the integral 
if S(2) dz is zero when taken along the complete boundary C of any portion 
of the plane when C lies entirely within S and incloses only points of S. 


21. Cauchy-Riemann differential equations. In Art. 20 we dis- 
cussed the necessary and sufficient condition that a function f(z) 
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is holomorphic in a given finite region S. This condition was ex- 
pressed in terms of a definite integral. It is often more convenient 
to have such a condition expressed in terms of the partial derivatives 
of uw and v, where 


f@) Sw = ule, y) + w@, y) 


is the given function. Such a criterion is given in the following 
theorem. 


7 THrorEM I. In a given finite region S let wand v be two real single- 
valued functions of the real variables x, y. The necessary and sufficient 
condition that the complex function 


w=utw 


is holomorphic in S is that the partial derivatives of u and v of the first 
order exist and are continuous and moreover satisfy the following partial 
differential equations: 


cS SS Cee eae (1) 


These differential equations are known as the Cauchy-Riemann 
differential equations. To show that these equations present a neces- 
sary condition we proceed as follows. Since the function w is holo- 
morphic in S, it has a derivative with respect to z. As we have seen, 
the existence of this derivative involves the condition that the ratio 
= shall have the same limiting value as Az approaches zero in any 
direction whatsoever. Consequently, the same limiting value is ob- 
tained if Az is permitted to approach zero through real values or 
through purely imaginary values. The increment Az = Ax +7 Ay 
becomes in the first case Av and in the second case 7 Ay. We may 
therefore write 


Le —— js VG, —-_ = IG, +: 9 
Az=0 Az Ar+=0 AX Ay=0 Ay (2) 


Since the first limit exists by hypothesis, the second and third limits 
must also exist. We have then 


dw dw 1 dw 
de on 4 Oy ®) 
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However, we have 


dw ad . 0. 00) 
oe = S [ula,y) + we, Wl = SE +S, (4) 
ow 0 F du, .dv 
Substituting these values in (3), we obtain 
OU OD ou , Ov 


Equating the real parts and the imaginary parts in this equation, we 


have 


du_ dv du __ av. (7) 
dx Oy’ dy ox 


By Theorem II, Art. 20, the derivative . is continuous. The con- 


tinuity of the partial derivatives in (7) follows therefore from equa- 
tions (3), (4), and (5) and Theorem II, Art. 13. 

We may now show the conditions of the theorem to be sufficient 
as follows. From equation (2), Art. 17, we have 


[fe dz = fu dx —vdy + if vdx + udy, (8) 
ona G 


where C may be regarded as any path of integration within the given 
region S. As u, v are continuous, both of the integrals 


fu dx — v dy, fo dx + udy (9) 


exist. By hypothesis, the equations (1) are satisfied by u,v. Hence, 
by Theorem II, Art. 16, both of the integrals in (9) are zero, and we 


have from (8) 
[i@ a = 


for every path of integration C forming a complete boundary of any 
portion of S such that C les entirely within S and incloses only 
points of S. Consequently, by Theorem IV, Art. 20, f(z) is holo- 
morphic in the given region S as the theorem requires. 

From equations (8), (4), and (5), we have 


Le US 52 Ov _ du 
de dx ' Ou dy dy (10) 
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This relation affords a convenient method of computing the deriv- 
ative of w, when w = f(z) is expressed in terms of x and y. 


Ex. Given 
w=2+ 32yi — day? — yt. 


Show that w is holomorphic everywhere in the finite region, and compute Dzw. 
We have 


u= 2 — 32xy’, v=sary — ¥', 
Ou x 3 ov 
ee aay ae ata 
Ou Ov 
— = —6§27 — = 2 3 42 
ay 6 xy, ay owe 3 y?. 


The conditions of the theorem are fulfilled and the function is therefore holo- 
morphic for all finite values of x and y. For the derivative Dw we have 
pe ee a ee ee 
Dail i Be 3y? + bizxy. 


In this particular case w can be readily expressed directly as a function of z, 
namely w =z. We have then by the laws of differentiation Dzw = 32, a 
result which is identical with that already obtained. 


In the calculus of real variables and in trigonometry, we became 
acquainted with certain pairs of functions that we called inverse 
functions. For example, y = sinz and wz = are siny, y = 2? and 
x = Vy are illustrations of inverse functions. If we have given any 
function w = f(z), z may be regarded as a function of w, expressed 
implicitly by this equation in w and z. It is desirable, however, to 
know the conditions under which z, considered as a function of w, is 
holomorphic in a definite region when f(z) is holomorphic in a given 
region. The desired conditions may be stated as follows: 


TuHeorEeM II. Let w = f(z) be holomorphic in a given region T, 
which is defined by the inequality | z—z|<h. Moreover, let f(z) #0 
for values of 2 in T and let wo =f(e%). Then corresponding to the 
number h there is determined a number k such that in the W-plane there 
exists a region S, defined by the inequality |w — wo| <k, for values 
of w within which the equation 

w = f(z), 
has one and only one solution 
z= Fw); 


moreover the inverse function thus determined is holomorphic in S and 


Pe) = Fg 
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We have 
w=f2)=u+rw. 


The functions u, v have continuous first derivatives which satisfy 
simultaneously the equations: 


Ou ov Ou Ov 
dx oy’ oy Ox Oe) 


Consider now the Jacobian 


du du 
OO) 

. 12 
ane (12) 
Ox Oy 


By aid of the conditional equations (11), this determinant can be 
written in the form 


du _ av 
Ox Ox du\? av \2 du av? ; 
Ov du | a +(z) ~ | dx an ae =| f'@ i. 
Ox ox 


By hypothesis f’(z) is different from zero, and, hence, the Jacobian 
does not vanish. The non-vanishing of this determinant is, how- 
ever, the condition that a region S of the W-plane exists, for every 
point of which the two equations 


u= Wi(2, y), Uh W2(2, y) 
have one and only one simultaneous solution, expressing x and y in 


terms of wu, v, say 
ei x1 (2, v), Ve x2(u, v), 


where these new functions of u, v have continuous first derivatives 
with respect to wu and to v.* We may then write 


2=2+1y = xilu,v) + ix2(u, v) = F(w). 
It still remains, however, to show that the function 
z= Fw), 
found in this way, is holomorphic in the region S. 


* See Encyklopddie der Math. Wissenschaften, Vol. I, Heft 1, Art. 5; also 
Goursat-Hedrick, Mathematical Analysis, Vol. I, p. 50. 


(74 
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We have for Aw, Az, each different from zero, 


Az 1 
Az 


We wish to consider the limit as Aw approaches zero. Since F(w) 
is continuous, we know that Az approaches zero simultaneously 
with Aw. We may therefore write 


1 
ee (14) 


(AVIS me 
But as f(z) = L = is different from zero, we have 
Az=0 


Az 1 if 
Aveo AW ato Aw - Aw (15) 


Az ReLeNe, 


In this equation we know that the limit in the right-hand member 


exists and defines because w = f(z) is by hypothesis holo- 


— 

i (2) 

morphic in the given region 7. It follows from (13) that the limit 
L = must also exist for all points in S; that is, z= F(w) has a 

Aw=0 

derivative for all values of win S. Hence, F(w) is holomorphic in S 

as the theorem requires. 

From (15) we have the relation 

1 
/ a 
Ces ia) 
between the derivative of the given function and that of its inverse, 
which was also to be demonstrated. 

In Art. 20, it was shown that when f(z) is holomorphic, f’(z) is 
necessarily continuous. It can now be demonstrated that the differ- 
ence quotient converges uniformly to the derivative as stated in the 
following theorem. 


(16) 


TurorEeM III. Jf f(z) is holomorphic in a finite closed region S, 
then the difference quotient 
f(z + Az) — f() 
Az 


converges uniformly to the limit f'(z) for values of zin S. 


This theorem is equivalent to saying that if f(z) is holomorphic in 
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S then for an arbitrarily chosen positive number e, there exists 
another positive number 7 such that 


IG ae AZ J) 
Az 


=f) | <6 Art (17) 


for all values of z in S. In other words, the value of « being deter- 
mined arbitrarily there exists a number 7 independent of z satisfying 
the required condition. We may put 
z2=ax+1y, f(2) =u, y) + 2, y), 
and hence have 
f(2+ Az) — f(z) = Af(z) = Au+7 dp, Az = Ax+7 Ay.” (18) 
Since wu is a function of x and y, we may write 
Au = u(e+ Av, y+ Ay) — u(z, y) 
=u(r+ Ar, y+ Ay)—u(at+Az, y)+u(e+ Ag, y)— ula, y). 
By making use of the law of the mean, this result may be written 
Au = uU,/(a + Az, y + 6: Ay) Ay + uz’ (x + 0 Ax, y) Ax, 
0<4<1, 0 <0, (19) 
where w,’, wz’ denote partial derivatives with respect a and x 
respectively. In a similar manner, we may get 
Av = 0,/(a@ + Az, y + 03 Ay) Ay + v2’(a + 04 Az, y) Az, 
Oe 0 < 1; Otis: (20) 


We have seen, under Theorem I, that 
f'(@) = Us'(w, y) + wwe" (2, y). 


By aid of (19) and (20) and the Cauchy-Riemann differential equa- 
tions, we may now write 


fle + Az) — f) f+ Az) — fe) — Aef"(2) 


Az es Az 

— Au+i Av — (Ag + tAy) (uz'+ iv’) 

i Az 

EE eay, ' Ay 

me [wy (a-F Ax, y+ 4 Ay) — Uy (x,y)] Ar +iAy 
+ [ue!(w + 6 Ax, y) — ue, Mae 
Filey @+ dx, y+ 8Ay)— 9! @, Dia 

Az 


SAC Yan te eet ACEH NN rece a 
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Since wz’, Uy’, vz’, vy’ are continuous in S they are uniformly con- 
tinuous in this region * and each of the expressions inclosed in 


brackets can consequently be made less in absolute value than ri by 


the proper choice of Ax, Ay; for example, if Av, Ay be so taken that 
V Ax? + Ay? <7. The absolute value of each of the factors out- 
side of the brackets is never greater than unity. Consequently, we 
may write 


f(z + Az) — fla) 
hz 


—f'@\<« VAs? + Ay? =| Az| <4. 

Hence the theorem. ee 
22. Change of complex variable. In Art. 18, it was pointed out , 

that the law for the change of variable in a definite integral of a 

function of a real variable can be extended without modification 

to the case of a definite integral of a function of a complex variable 

where the change is from a complex variable to a real variable. We 

can now complete the discussion by showing that the same law holds 

where the change is from one complex variable to another. 


Suppose we put 


where ¢ is complex and ¢(t) is holomorphic along a curve K. As ¢ 
traces the curve K, suppose the variable z traces the path C. Cor- 
responding to the points of division fo, 4, . . . , t, upon K, we have 
the points 2, 21, . . . , 2, 0f division of C. Since ¢(¢) is holomorphic 
along K and hence has a derivative ¢’(t) along K, we have 


Ape &e — % 
At t-te 


=#hoalte. k=0,1,2,...7, (1) 


where «, vanishes with A;¢. If in the sum 
> f(z) Ave, 
we replace A;z by its value obtained from (1), we have 
ya (Zr) Are = | (Ze-1) O' (tea) Ant + Deaf (2x1) Art. (2) 


Since z = ¢(t) is by hypothesis holomorphic along K, it follows from 
Theorem III, Art. 21, that corresponding to an arbitrarily small 


* See Goursat-Hedrick, Mathematical Analysis, Vol. I, p. 251. 


} 
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positive number ¢ there exists a positive number 6, such that for 
| Apt | < 6 we have 
bz 


Ait pak OE 


i ' (th) 


that is, the various values of e, can be replaced by a single arbitrarily 
small value e, if the values of A,¢ are all taken less in absolute value 
than 6. We then have 


| Ser flena) Aut 


where M is the maximum value of | f(z) | upon C and L is the length 
of K. Since ML is a constant and « is arbitrarily small the limit of 
the sum in (3) is zero as At approaches zero; hence, we have from 
(2) and (3) upon passing to the limit 


[re dz= IL Fd) IO'(A) at, (4) 


= MD | Aut| = «ML, (3) 


which expresses the law for the change of variable for the case under 
consideration. 


Ex. Given a region S consisting of that portion of the complex plane exterior 
to its boundary C, which is taken to be a closed curve exterior to the unit circle 


about the origin. Consider the integral of f(z) = 5 taken over the boundary C 
of the region S. 
: 1 : = ee: : 
By putting z = y C goes into a curve K about the origin and lying within 


the unit circle. We have 


Sie dz = Sine =f add 


if , v 
ee z' dz’ = 0. (Th. ¥, Art. 20.) 


K 


It will he observed that while the first integral must be taken in a clockwise 
direction, as the region S with respect to which the integral is taken lies exterior 
to the curve C, the integral along the curve K is taken in a counter-clockwise 


direction; for, as z traces out C in a clockwise direction 1 traces out K in a counter- 
clockwise direction. 
23. Indefinite integrals. Let f(z) be holomorphic in a given 
. . . J 
finite region S. As we have seen, the integral if f(z) dz defines in 
Qa 


Sa function F(z) of the variable limit of integration. From the dis- 
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cussion of Theorem Hf of Art. 20, it follows that this function 
F(z) is also holomorphic in S, and furthermore that the relation 
between f(z) and F(z) is such that 


fe) = cae 


Let ¢(z) denote any function having the derivative f(z). Such a 
function is called a primitive function of f(z). We write as in the cal- 


culus of real variables 
0 = fia 


and speak of {i f(z) dz as the indefinite integral. 


The primitive function ¢(z) can differ from F(z) at most by a 
constant. For, ¢(z) is holomorphic in S, since it has a derivative 
f(z), and hence F(z) — ¢(z) is also holomorphic in S. We have, 
since both ¢(z) and F(z) are primitive functions of f(z), 


£1P@ — 6) = & — $f =f) -1@ =0 (5) 


for all values of zin S. We may write 
F(z) — o(2) = uz, y) + we, y), 
and have from Art. 21 
Ou 


d 
SIF@ ~ 6) = 8 +6. (6) 
From (5) and (6) it follows that 
Oy wOhh 
cam gee 


and hence we must have 


Ou Ov 

a 0, Ee 0. (7) 
From the Cauchy-Riemann differential equations, we have also 

Ou ov 

aie 0, ee 0. (8) 


As (7) and (8) hold for all values of (a, y) in S, it follows that both 
u and v are real constants.* Consequently, w + iv must be a complex 


* Compare Pierpont, Theory of Functions of Real Variables, Vol. I, p. 250. 
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constant and F(z) differs from ¢(z) by this constant value for all 
values of z in S. 

Since $(z) differs from F(z) by a constant for all values of z along 
the path of integration between any two points a, 6 of S, we may 
write 


BO = if ‘f(e) dete. 


For z = a, this relation becomes 
o(a) =. 
If, on the other hand, z = £, we get 


$(6) = f1@ a+. 


From these two results, we have at once the fundamental theorem of 
the integral calculus, namely: 


[ire az = 68) -— 4); (9) 


that is, the law for the evaluation of a definite integral in the calculus 
of real variables may be extended without modification to functions 
which are holomorphic in a given finite region. . 


Ex. Given the function f(z) = 2”, m #— 1; find the value of the integral 


tf . S (2) de. 


1 
We have AOE f 1@ == ate 


Hence, from (1) we obtain 


24 gmt 72 mt _ » mit 
if ON ee) ie a ee 
Zo m + 1tzy m+1 


24, Laplace’s differential equation. We have the following 
theorem. 
THEOREM I. Jn a given finite region S, let the complex function 
{2 =utiw 
be holomorphic; then the functions u(x, y), v(x, y) satisfy the partial 
differential equation 
au | Bu _ 
Ox? Oy? AG (1) 


Arr. 24.] LAPLACE’S EQUATION 93 


This differential equation is known as Laplace’s differential equa- 
tion and is of prime importance in theoretical physics. 

Since f(z) is holomorphic in S, the derivative f’(z) and also the higher 
derivatives exist and are holomorphic in the same region. It follows 
that the partial derivatives of wu, v with respect to « and y exist and 
are continuous. This statement holds not only for the partial 
derivatives of the first order but likewise for those of the second and 
higher orders.’ From the Cauchy-Riemann differential equations, 


: , Ou dv OU =" Ov 
dx Oy’ oy sk i!) 


we obtain by differentiation 
Ee du av 


ant Ardy’ dy? dy de 2 


As the partial derivatives of the second order are continuous in 
x, y, together, we have * 
0*v 070 


dxdy  dyou (4) 
Hence, by addition of the equations (3), we have 

Ou, Ou 

ar 25 ae D: (5) 


We shall now consider the converse proposition, namely: 


TurorEM II. Jf in a given finite region S, a function u(x, y) has 
continuous partial derivatives of the first and second order and satisfies 
Laplace’s differential equation, then there exists a function v(x, y) de- 
termined except as to an additive constant, such that the complex function 
u + iv = f(z) ts holomorphic in S. 

We have given the condition that wu satisfies the differential equa- 
tion 

au | _ 
hie «aye 


* See Townsend and Goodenough, First Course in Calculus, Art, 104, 
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We now define v by the relation 


o= [det dy + 6. (6) 


Xo, Yo 0 Ox 


‘ : : : Ou 
This integral exists because the integrand is continuous, since a 


= are continuous. Moreover, the integral is independent of the 


_ path by virtue of Theorem IIT, Art. 16, because 
a) (- ou) ) (52); 
oy\ dy/ .dx\dx}’ 


Ou. 07 
ay? | dx? 0. 


that is, 


Differentiating v partially with respect to x, we have from (6) by aid 
of Theorem IV, Art. 16, 


Ov ou es 
aa ay (7) 
Similarly, differentiating with respect to y, we get 
ov Ou 
ay, 8 
Oy Ox ce 


Equations (7), (8) are however none other than the Cauchy-Riemann 
differential equations, and hence 


u+ iw = f(z) 


is holomorphic in S. 


Ex. 1. Given u = 23 — 32y*. Show that there exists a function v(a, y) such 
that w = u-+ i is holomorphic in the finite region. Determine the function 
v(x, y). 

The given function satisfies Laplace’s equation; for, we have 


Ou ou 
—=37-3y — = — 
a ee y’, ay 6 xy, 
Ou Pu 
aq2 = O% af mea 
hence 
Pu ou =0 
OP G27 


The required value of v is to be determined from equation (6). As pointed out 
in the discussion of the foregoing theorem, this integral is independent of the 
path. It can be conveniently evaluated by making the path rectilinear passing 
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from (po, yo) to (a, yo), thence to (x, y). From (2, yo) to (@, yo) we have y = Yo, 
dy = 0, while x varies from a to x. From (x, yo) to (x, y), we have dv = 0 and y 
varying from yo to y. Hence, from equation (6) we have 


ac y 
14 fi Gayodx + f (822 — 3y2)dy+C 
Xo Yo 


= 8 xyy — 3 ary + dary — y8 — 3 xy + yo? + C 
= 3aty — y® — (3 207°yo — yo®) + C. 


Putting C — 8 22y0 + yo? = ¢, 
we have v=327y —y> +6, 
whence 


f@ =utw=e8-3ay+t{ Bay —y) +e} 
= (c« + iy)’ +t = 2 + ic. 


From the form of f(z), it will be at once seen that it is holomorphic in any finite 
region. 

Ex. 2. Given u = log (22 + y)?. Find a function v(a, y) such that u + i 
is an analytic function. 


We have 
Ou x Ou y 
an (a? fy)’ ay (@& +y?)’ 
au yz au 2 ¥ 


These results substituted in Laplace’s equation show that u satisfies that equa- 
tion. As in Ex. 1, it is convenient to take the path as rectilinear through the 
intermediate point (x, yo). From equation (6), we then have 


eet: ee 
Ne aor Lad ieee are 
y 


x Xo i) 
= —arctan — + arctan — + arc tan~ — arc tan Yo +C 
Yo Yo x v 


UL ees ; Xo Y 
are tan pany + are tan iis +C. 
If we now put 


Ww To 
CG 5 eer =I} 


we have ? = are tan 2 + ¢, 
and hence get 

u+w = log (a + y?)) + dare tan % + aC. 
The function w= f(z) =u+tw 


is holomorphic for all values of z in any finite region not including the origin, 
since for such values of z = x + ty the functions u and v satisfy the conditions 
of Theorem II, 
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25. Applications to physics. A variety of problems in mathe- 
matical physics are associated with the solution of Laplace’s equation. 
According to Newton’s law two bodies in space attract each other 
directly as the product of their masses and inversely as the square 
of the distance between them. When one of these bodies is moved 
with respect to the other, then work is done in overcoming the 
attractive force of the second body. The work done in overcom- 
ing the attractive force of a given mass M so as to move a particle 
of unit mass from a given point to an infinite distance is defined as 
the potential of M at that point. It can be shown that the poten- 
tial is a function of the space coédrdinates 2, y, z alone; that is, that 
it is independent of the path. A Newtonian potential. function 
u(x, y, 2) due to attractive matter is such that Laplace’s equation, 


Ce, GER, GP 
Ox? a oy + 022 o 


must be satisfied whenever (2, y, z) are the codrdinates of a point 
exterior to the matter itself. 

If the conditions are such that the attractive force acts only in a 
plane, taken conveniently as the XY-plane, then the third com- 
ponent of the force becomes zero and oa vanishes. Consequently, 
for two dimensions Laplace’s equation takes the form discussed in 
the preceding article, namely 


In this case the potential is a logarithmic potential, and the force 
overcome varies directly as the product of the masses of the particles 
and inversely as the distance between them. 

From the discussion in the last article, it follows that if wis a 
logarithmic potential, there exists a function v, determined except as 
to an additive constant, such that 


w= Ula, y) te w(x, y), 


considered as a function of z, is holomorphic in the region for which 
the potential is determined. 

A potential also exists in connection with a magnetic or electric 
field, An electric potential at any point may be defined as the work 
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necessary to be done against an electric force in moving a unit charge 
of negative electricity from that point to an infinite distance. The 
potential may be defined in a similar manner for the points of a 
magnetic field. In any case the derivatives of the potential with 
respect to x, y represent the components of the force in the direction 
of the two axes. In order to have the two-dimensional case that 
arises in connection with the discussion of functions of a complex 
variable, the force exerted must be confined to a plane, taken as the 
complex plane. For example, such a case arises when a current of 
electricity flows through a straight wire of indefinite length. A mag- 
netic field is created in the surrounding space such that the compo- 
nent of the force in the direction of the wire is zero. Consequently 
any plane perpendicular to the wire may. be taken as the complex 
plane and the application reduces to one in two dimensions. 

As another illustration of the applications of the functions of a 
complex variable may be mentioned the stationary streaming of elec- 
tricity. Suppose, for example, we have given as a conductor a thin 
sheet of metal of unlimited extent and of uniform thickness and 
structure. Let the current of electricity be introduced into and 
leave this conductor by means of perfectly conducting electrodes. 
The current may then be regarded as flowing in a plane parallel to 
the two surfaces of the sheet. The illustration then becomes a 
two-dimensional one and the condition that the streaming is 
stationary is that for each value of (a, y) in the region of flow 
the potential is such that Laplace’s equation for two dimensions is 
satisfied.* 

A corresponding application to the flow of heat may be readily for- 
mulated. Let the body in which the flow takes place be a cylinder 
of indefinite length whose rectangular cross-section consists of one 
or more closed curves. Upon the surface of this cylinder let the 
temperature wu be a constant for all points along the same generator 
of the cylinder. Moreover, let the temperature along any line 
parallel to a generator and lying within the cylinder be constant. 
Otherwise let the temperature vary continuously both upon the 
surface and within the cylinder. The flow of heat then takes place 
in planes perpendicular to the generators of the cylinder. The 
temperature wu must satisfy Laplace’s equation for two dimensions, 
if the flow is continuous. 

The last two illustrations are special cases of the flow of incompres- 

* Soe Jeans, Hlectricity and Magnetism, Art. 389. 
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sible fluids. If w is a function of the space coérdinates x, y, z such 
that the components of the velocity of the fluid are 


then w is called a velocity-potential * in analogy to the Newtonian 
potential function already discussed. The existence of a velocity- 
potential is a property not of a region of space but of portions of 
matter. As the portion of matter moves about, it carries this prop- 
erty with it, while the space occupied by the matter at any instant 
may come to be occupied by matter not possessing the property. 
An irrotational motion of a fluid within a simply connected region is 
characterized by the existence of a velocity-potential. The condi- 
tion that the given fluid flows continuously and has a velocity- 
potential wu is that wu satisfies Laplace’s differential equation. If we 
now impose such conditions upon the fluid that the flow takes place 


in a plane, then ue vanishes and the problem reduces to a two- 


Oz 
dimensional one, and the theory of functions of a complex variable 
may be applied. To accomplish this purpose, let us suppose that 
the fluid is of constant density and flows between two fixed parallel 
planes so that the path of the individual points of the fluid lies in a 
plane parallel to the fixed planes and the fluid flows so that two 
points which at any instant le in a line perpendicular to the fixed 
planes remain in the same relative position. Then any plane par- 
allel to the fixed planes may be taken as the complex plane and the 
theory of functions of a complex variable becomes at once applicable. 

In the next chapter we shall discuss more in detail some examples 
illustrating the way functions of a complex variable may be employed 
in particular physical problems. 


EXERCISES 
1. Show that 


w= a+ 4ixy — 627? — 4ixy? + y! 
satisfies the conditions given in Art. 21 for finite values of x and y and is therefore 
holomorphic in the finite region. Express w in terms of z and compute Dzw by 
the method given in that article. 
~2. Given f(z) = 2”, where n is a positive integer. Find f(@o + Az) — f(z) by 
means of the binomial theorem and show for all values of z, (a) that f(z) is con- 
tinuous, (b) that f’(z) = nz", making use of the definition of a derivative. 


* For fuller discussion of the properties of velocity-potentials, see Lan.), 
Hydrodynamics, 34 Ed., Chapters II and III. 


Art. 25.] EXERCISES 99 


_~ 3. By making use of the definition of a derivative and the methods employed 
in the calculus of real variables prove that, if f, fi, fe are holomorphic in a region 
FR and hence each has a derivative in this region, the following laws hold for values 
of z in R: 


(a) If f is a constant, then f’ = 0. 
(6) Iff =fith, then f’ =f,’ +h’. 
(c) if =fi-fr, then f’ =fi- fr’ thee fi’. 
CY ha = 4 where f2 ~ 0 for all values of the argument considered, then 
2 
7 3 “fr = hide « 
(fz)? 

» 4. Show that every rational integral function of z is holomorphic in the entire 
finite portion of the complex plane, also that every rational function of z is holo- 
morphic in any region not including points where the denominator is zero. 

_5. Find the value of the line-integral 


SGe+ty) dx + (x? + 8 y) dy, 


where C is the perimeter of a square whose sides arex = 0,4 = 4, y =2,y =— 2. 
Is this line-integral independent of the path? 
_——6. Evaluate the line-integral 


fetta dx + (32 +4") dy, 


where C is the boundary of the multiply connected region bounded by the two 
curves whose equations are z? + y2 = 9, (c +1)? +y?=1. 
——7. Let the path C of integration be given by the equations 


. x = 3 cos 8, “= 2 sin 6, 
Find the value of the integral 
(f x (82? + 2ay + y*) dz, 
taken along the path C. What is the value of the integral of the given function 
when the path is a circle about the origin? 
78. Byvaluate the integral J,8 22+72+9) dz, where Cis the circle 2? + y? = 3. 
Is the integrand holomorphic in the region bounded by C? 
A. Evaluate the integral (| (2 2 + 82+ 2) dz, where C is the arc of a cycloid 


y =a (1 — cos 6), z = a (6 — sin 0) between (0, 0) and (2 7a, 0). 
10. Show that the integrals of the functions given in Exs. 8, 9, taken about 
any closed curve lying in the finite region must be zero. 


11. Is the integral 
if we ee dz 
342% z 


independent of the path of integration? What conclusion can be drawn from 
the answer as to the nature of the integrand ? 


mm 
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2? 12. Given the function: f(z) = orga’ Does this function converge 


uniformly to its values along the circle C having the origin as a center and a 
radius equal to one? Does the Cauchy-Goursat theorem apply to the integral 
taken along C? to a circle concentric with C but lying within C? 


2 
2 13. Givenw =f(z) =324+724+4 Bee eee dB 


t+1 
holomorphic for values of |7 | < 1? 
go 14. Given the function f(z) defined by the relation 


C Tt it 
fie) = [Po at 


t—2z 


Isw =f {¢(r)} 


where t takes complex values along the circle C of radius 2 about the origin. 
Compute the values of f(z) and f(z) for z = 1 +7. 

@ 15. Given the function f(z) = 322+ 422+ 72+ 2. Find the integral of 
this function along the circle 2? + y? = 1 from the point a = (1, 0) to the point 
6 =(-—1,0). Show that this integral taken around the complete circle is un- 
changed when any regular closed curve is substituted for this circle as the path 
of integration. Bi eet, 

> 16. Given u (2, y) = xt — 62%? + y!. Find a function »v (a, y) such that 
u + iv is an analytic function f(z). Find the value of f(z) for z = 2 + 37. 

p 17. Given any rational integral function f(z). Show how the value of f(z) 
for 2 = 2 + 37 can be found when we know the values of f(z) on the circle about 
the origin having a radius p = 4. 

» 18. An incompressible fluid flows over a plane with a velocity-potential 
U =x — y?. 
Determine a value of v such that 


w=u+w =f(z), 


is holomorphic in the finite region. Find the components of the velocity and the 
direction of the flow at the point z = 3 + 27. 


me | be 
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MAPPING, WITH APPLICATIONS TO ELEMENTARY 
FUNCTIONS 


26. Conjugate functions. In the present chapter we shall dis- 
cuss certain elementary functions with special reference to the 
correspondence between certain portions of the Z-plane and the 
W-plane, as determined by the relation between the function w and 
the independent variable z. Before taking up this general discussion, 
however, we shall consider the significance of wu and v in the relation 


w =f) = ul, y) + w@, y), (1) 


where f(z) is holomorphic in a given region. As we have seen, both 
u and v satisfy Laplace’s differential equation and hence either may 
be considered as a potential function. They are consequently of im- 
portance in theoretical physics. Because of the relation that each 
function has to the other, they are called conjugate functions. 

We can represent the functions u(a, y), v(x, y) by the two surfaces 


Ub = u(z, ye C= v(a, Y), 


where z, y, u and zg, y, v are two systems of Cartesian coérdinates of 
points in space. These two surfaces represent then the real and 
the imaginary parts of the given function w = f(z). 
Consider, for example, the function 
w = 2. 
We have then 


w=utiw = (at iy)? = 2+ 2iy—y?. 
By equating the real and the imaginary parts, we get 
= Th — Uf, v= 22y. 
Each of the surfaces representing these equations is cut by any 
plane parallel to the XY-plane in a rectangular hyperbola. From 
the u-surface, we get a system of such hyperbolas having the lines 


y = +2 as the asymptotes. From the v-surface, we obtain a 


system of rectangular hyperbolas having the two axes as asymptotes. 
101 
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The two systems of curves when projected upon the X Y-plane appear 
as in Figs. 33, 34, respectively. In either case the curves are the 
projections of the intersections of the given surfaces with a system 
of equiangular hyperbolic cylinders whose generating lines are per- 
pendicular to the X Y-plane. 

We have considered the two surfaces u = u(x, y), v = v(x, y) as 
related to distinct coédrdinate axes. Suppose now we think of them 


Ve 
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as being referred to the same system of axes. The projection upon 
the XY-plane of the curves of intersection reveals an important 
relation between the two systems of curves. It will be shown that 
these two systems of curves, given by 


UE="Cii, Uy = C3; 


where ¢, ¢, are constants, are orthogonal systems in the X Y-plane. 
To do this, we make use of the slope of the curves, which is given by 


au. From the relation u(x, y) = c, we have for S aan 


Ou 
dy dx 
dx uw 
oy 


In order that the curves given by v(2, y) = ce be orthogonal to the 
system u(x, y) = 4, the slope of v(x, y) = c, at points of intersec- 
tion with the curves u(x, y) = c, must be the negative reciprocal of 
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the slope of u(x, y) = cq at these points. The general condition of 
orthogonality is then 


ov Ou 
ax _ ay 
av Ou 
ay dx 


which may be written in the form 
du Ov, OU Ov 
oy Piper: a) 

This condition is satisfied by conjugate functions; for, we know 
that the conjugate functions u(z, y) and v(a, y) satisfy the Cauchy- 
Riemann differential equations 

du _ ov Ou oO 

du Oy’ Oy ax 
Multiplying these two equations member by member, we have pre- 
cisely the condition of orthogonality given above. 

The fact that these two systems of curves are orthogonal increases 
the ease with which either curve may be constructed when the other 
is given. All we need to do is to 
construct a second system every- 
where orthogonal to the first. 
When so drawn, the two sets of 
curves obtained in the foregoing 
example are as shown in Fig. 35. 
If we think of both systems of 
curves as projected back upon 
each of the surfaces u = u(z, y), 
v = v(z, y), we shall have upon 
each surface two systems of curves 
cutting each other at right angles. 

The curves cut from either 
surface by planes parallel to the 
XY-plane are called the level lines. The curves of the orthogonal 
system are called the lines of slope, or the curves of quickest descent. 
In theoretical physics other special names are employed to designate 
the projection of these two systems upon the X Y-plane. 

In an electric field or in the field of a gravitational force, a surface 
such that the potential is the same at all points of it is called an 
equipotential surface. Hence, any right cylinder through the lines 
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of level on the u-surface or the v-surface just discussed is an equi- 
potential surface. Since one such surface may pass through each level 
line, we have a system of equipotential surfaces. Curves drawn per- 
pendicular to these surfaces are called lines of force. 

The traces of the equipotential surfaces upon the XY-plane are 
called equipotential lines. In the applications to be considered, the 
lines of force as well as the equipotential lines lie in a plane, which 
we shall take as the complex plane. In the case of the flow of an 
incompressible fluid or of streaming in electricity the two orthogonal 
systems of curves are referred to as the equipotential lines and the 
lines of flow respectively; while in the theory of heat they are called 
the isothermal lines and the lines of flow. In the case of electric 
currents the lines of flow are frequently called stream-lines. 

We shall have frequent occasion in this chapter to return to the 
properties of conjugate functions. 

27. Conformal mapping. The relation w = f(z) gives a definite 
association between those points of the complex plane representing 
the.values of z and those representing the values of w. As a matter 
of convenience it is usual to represent the z-points in one plane, 
called the Z-plane, and the w-points in another plane, called the 
W-plane. These two planes have a relation to each other somewhat 
similar to that which the two coédrdinate axes have in the considera- 
tion of functions of a real variable. As the point P traces any curve 
in the Z-plane, the corresponding point Q will trace a curve in the 
W-plane. We express the relation between the two curves by say- 
ing that the curve in the Z-plane is mapped upon the W-plane. In 
discussing the general properties of mapping, it is often convenient 
to speak of the mapping of the one plane upon the other rather than 
of the mapping of some particular configuration from the one plane 
upon the other. If f(z) is multiple-valued, then to each point in 
the Z-plane there correspond in general several distinet points in 
the W-plane. In such cases it is often convenient to map the whole 
of the one plane upon a portion of the other. 

From the discussion in Art. 21, we are able to state the conditions 
under which the W-plane can be mapped in a definite manner upon 
the Z-plane. We have seen that if the Jacobian 


eu ue 
Ox Oy 
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does not vanish within a given region of the Z-plane, which is the 
case if f’(z) ~ 0, we can always solve the equations 


u= Wi(2, y), 
v =W(a, y) (1) 


for x, y in terms of w and v. Moreover, there is but one such solu- 
tion possible. Denoting the result of this solution by 


dy x1(U, v), 
Yi x2(U, v), (2) 


we can by means of these equations map in a definite manner the 
W-plane upon the Z-plane. Whether the W-plane maps upon the 
entire Z-plane or only upon a portion of it depends in general upon 
the character of the two functions x1, x2. By means of relations (1), 
(2), we can, however, establish a one-to-one correspondence between 
the points of a region of the Z-plane and those of a corresponding 
region of the W-plane; that is to say, if 7 is the region of the 
Z-plane under consideration and S the corresponding region of the 
W-plane, then to each point of 7 there corresponds one and only 
one point of S and conversely. 


Ex. 1. Givenw =z. Let it be required to map a given configuration from 
the Z-plane upon the W-plane and conversely by means of this relation. 
As in Art. 25, we have 
Wigs — Ace v = 22y. 
We may also write 


= p(cos @ + 7sin 8), 
w = p'(cos 6’ +7sin 0’) = p?(cos 26 + 7sin 2 6). 


Hence, we have 
ja = 4, = By, 


From the relation between 6 and 6’, it will be seen that a half of the Z-plane maps 
into the whole of the W-plane, and on the other hand a half of the W-plane maps 
into a quadrant of the Z-plane; for example, the upper half of the W-plane maps 
into the first quadrant of the Z-plane. 

To map from the W-plane upon the Z-plane, suppose we put wu = c, a constant. 
We obtain a rectangular hyperbola given by the equation 


xo — y= ¢. 


Regarding c as a variable parameter, we have two systems of rectangular hyper- 
bolas having respectively the lines y = + a as asymptotes, according as ¢ is posi- 
tive or negative. As the upper half of the W-plane maps into the first quadrant 
of the Z-plane, the given lines uw = ¢ map into those branches of these hyperbolas 
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situated in that quadrant, as represented in Fig. 37. For v = c’, a positive con- 
stant, we obtain in the Z-plane a system of hyperbolas orthogonal to the first 
systems. We sce then that the upper half of the W-plane maps into the first 
quadrant of the Z-plane and that the orthogonal systems of lines parallel to the 


| 
mela 
Bh is 


Hie. 36; 


two axes of the W-plane map into orthogonal systems of rectangular hyperbolas, 

having respectively the two positive axes and the line y = x as limiting cases. 
Let us now undertake to map certain simple curves of the Z-plane upon the 

W-plane. We know from what has been said that a half of the Z-plane will map 


tas) 
You 
B, 

Q a? c| \a 
U O x 
By 
PA 
Fig, 38. Fic. 39. 


into the whole of the W-plane. Consider the line x = 0 of the Z-plane. We 
have in the W-plane 


w= —y; 
that is, for any value of y, either positive or negative, w has a negative real value. 


Consequently, the whole of the Y-axis maps into the negative U-axis. The 
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points B;, B (Fig. 39), map into the same point Q in the W-plane (Fig. 38). If 

z describes a semicircle of radius a as indicated, then w describes a complete circle 

of radius a about the origin O’. If 2 describes the line x = c, then w describes 

a parabola cutting the U-axis at c?; for, eliminating y between the equations 
U=C—Y, v=2cy, 

we have v= 4c? — u). 

The position of this parabola is shown in Fig. 38. In a similar manner any other 

curve in the Z-plane may be mapped upon the W-plane. 

The given function determines an electrostatic field * in the immediate vicin- 
ity of two conducting planes at right angles to each other. In this field the 
equipotential surfaces are the system of hyperbolic cylinders determined by the 
equation v = 2zxy. Asaspecial case we have the two planes intersecting at right 
angles. The relation between w and z also determines the field between two coaxial 
rectangular hyperbolas. The system of hyperbolas v = ¢ are the lines of equi- 
potential, while the curves of the orthogonal system w = c are the lines of force. 


Let us now consider the general case where one region of the com- 
plex plane is mapped upon another by means of a function w = f(z) 
which is holomorphic for the values of z under consideration. We 
shall inquire into the effect of such mapping upon the angle that 
one curve makes with another at their point of intersection. If the 
magnitude of the angle is preserved even though reversed in direc- 
tion the mapping is said to be isogonal or conformal. We shall 


now demonstrate the following proposition. ee 


THEOREM. The mapping of the Z-plane upon the W-plane by 
means of a function w = f(z) ts wsogonal, without reversion of angles, 
in the neighborhood of a regular point 2 of f(z), provided f’(a) # 0. 


4 
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Let Ci, Cz be any two curves in the Z-plane intersecting at 2p. 
Suppose C;, C, map into the two curves S;, S: of the W-plane inter- 
secting in the point wo corresponding to 2. We are to show that the 


* See Jeans, Electricity and Magnetism, p. 262. 
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angle that C; makes with C2 is the same as that which S; makes 
with S;. The relation between w and z is given by the function 


w =f). 


Since 2 is a regular point, the derivative of f(z) exists and is defined 


by the relation 
ey = p *. 
f@)= La, (3) 
Since f’(z), Aw, Az are all complex numbers and f’(é) # 0, we may 
write 
f'(Z) = p(cos 6 + isin 6), p #0, 
Aw = pi(cos6; + isin 6,), Az = p2(cos 6: + 7sin 6), (4) 


where 6;, 2 are taken to be the chief amplitudes of Aw, Az, respec- 
tively. 
From (8) it follows that 


Az=0 


7 (a) = Lf 7 (C08 6, — 62 +728in 6, — 62) 


= L” L (cosé, — & +isind, — 6), (5) 


Az=0 P2 Az+0 


L, 2 Xcestlie Oi bean Oe ee 
Az=0 


Az=0 P2 Az=0 


since cos z and sin zg are continuous functions. 
We have therefore 


Sa 70 i (0, — 62). (6) 


> 
n 
ll 
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Denote by ¢: the angle that the tangent to the curve C; at 2 
makes with the positive X-axis and by ¢; the angle that the tangent 
to the corresponding curve S; makes with the positive U-axis. We 
have then, since Aw approaches zero with Az, 

O2 = oo, L 0, = 1. (7) 
Az=0 Az=0 
The amplitude of f(z) is less numerically than 27, because of the 
restriction of the values of ;, 6: to the chief amplitudes of Aw, Az. 
We may then write 
6 = di — $3 (8) 


that is to say, @ represents the angle through which the curve C; is 
turned in the process of mapping. As f’(z) is a constant, @ is also a 
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constant for all curves passing through z; that is, every such curve 
is turned through the same angle 6. Hence S; makes the same 
angle with S,; as C; makes with Cy. The mapping is therefore not 
only isogonal but the direction of the angle is not reversed. 

From (6) we have 


pa (a) veel 


Az=0 P2 
which may be written in the form 
PL 
aL 6 (9) 
p2 


where e vanishes with Az. Hence, the ratio of the magnitude of 
an element of the resulting configuration to the magnitude of the 
corresponding element in the given configuration is approximately 
p = | f’(@) |, which may be called the ratio of magnification in the 
neighborhood of z. The approximation is closer the smaller the 
element. Since p is constant for 2 we conclude that the similarity 
of infinitesimal elements is preserved. 

If instead of mapping the two given curves C;, C2 by. means of 
the function 


w=f(z2) =ut+w, (10) 
the mapping had been done by means of the relation 
w, = filz) =u— w, (11) 


the resulting configuration would have been situated below the U-axis 
as shown in Fig. 42. The configurations obtained by (10) and (11) 
are symmetrical to each other with respect to the U-axis. We say 
that by this change the resulting configuration has been reflected 
upon the U-axis. It will be observed that in mapping by means 
of the function given in (11) the direction of the angle that the one 
curve makes with the other has been reversed in the resulting con- 
figuration. The mapping by (11) may be described as isogonal but 
with reversion of angles. 

Mapping by means of a function which is holomorphic in a given 
region is but a special case of conformal mapping. One surface may 
be, in fact, mapped conformally upon another if we have the relation 


ds = M dS, 


where ds, dS are elements of ares taken in any direction from corre- 
sponding points upon the two surfaces and M, the ratio of magni- 
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fication, depends upon the variable codrdinates but is independent 
of the differential elements.* In the special case considered in the 
theorem the general factor M is replaced by | f’(é) |. 


Vi 


Si 
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At those points of the complex plane where f’(z) = 0, the mapping 
may cease to be conformal, even if the given points are regular points 
of the function w = f(z). For example, consider the function w = 2? 
in the neighborhood of the point z = 0. Putting 


f'(2) = p(cos 6 + 7sin 8), 
2 = p’(cosé’ + isin 6’), 
we have, since 
f'@ =D. @) = 22, 
p(cos 6 + ¢sin @) = 2 p’(cos@’ + isin 6’). 


But as p = p’ = 0 for z = 0, this relation has no significance. As a 
matter of fact, as we have already seen (Hx. 1), any two curves 
intersecting in the origin at a given angle map by means of the func- 
tion w = 2 into two curves intersecting at an angle of twice that 
magnitude. Consequently, it can not be asserted that the mapping 


* See Scheffers, Anwendung der Differential und Integralrechnung auf Geo- 
metrie, Vol. I, p. 70; also Osgood, Lehrbuch der Funktionentheorie, 24 Ed., 
p- 79 et seq. 
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by means of the functional relation w = 2? is isogonal in the neigh- 
borhood of the origin. 

From what has been said concerning isogonality, it must not be 
inferred that the map in the W-plane is as a whole identical or even 
similar to the original configuration in the Z-plane. The amount 
of distortion that takes place depends upon the codrdinates of the 
point. To show this, consider the value of the ratio of magnifica- 
tion p = |f’(z) |. We have 
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It is evident from this relation that p depends upon the variables 
x, y, and therefore may change with the point z. The functional 
relation between w and z does not, therefore, necessarily establish a 
similarity between finite parts of the two corresponding configu- 
rations. 

The geometric significance of the derivative may be regarded as 
a generalization of the significance of the derivative in the calculus 
of real variables; for, let z be any given point in the Z-plane and 
wy its image in the W-plane. As z passes through the point 2 in any 
direction w passes through wp in a corresponding direction. The 
modulus p of f’(z) gives the limit of the ratio of the absolute value 
of the change that takes place in w to the absolute value of the 
change that takes place in z; that is, p measures the magnification 
about the point wo of the infinitesimal elements of the configuration 
in the W-plane relative to the corresponding infinitesimal elements 
of the Z-plane. This change corresponds in the calculus of a real 
variable to the change in the ordinate y as x varies, determining in 
that case the slope of the tangent to the curve. On the other hand, 
the amplitude @ of f’(z) gives the amount of rotation between cor- 
responding elements of the two planes. Both p and 6 may change 
with z since f’(z) is in general a function of z. 

Further interpretations of the derivatives are frequently made in 
solving physical problems. If we let z move along a definite curve, 
then w likewise moves along some curve in the W-plane. From the 
relation between w and z we have 


dw = f'(2) dz, (12) 
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Considering the time ¢ in which the motion takes place as the com- 
mon variable in terms of which the changes of w and z are expressed, 
we may replace the differentials in (12) by time derivatives and 


write 
Dw = f'(z) Dz, (13) 


whence | Dewo| = lf’) |- | Del. 


The derivatives D,w, Diz represent the velocities both as to magni- 
tude and direction with which the points w and z move along their 
respective curves. The speeds with which these motions take place 
are given by | Diw |, | Diz | respectively. The derivative 


f'(z) = p(cos@ + 7sin 6) (14) 
then gives the ratio of the two velocities, while 
Pay eh | (15) 


gives the ratio of the speed of w to that of z. 

By means of the second time derivatives of w and z the accelera- 
tion of the moving point may be determined at any instant. Differ- 
entiating (13) we have 


Dew =f" (2) = (Dz)? + f'(@) + Dez. (16) 


The modulus of D?w gives the magnitude of the acceleration and 
the amplitude of D?w gives the direction in which the acceleration 
takes place. Both the magnitude and the direction of the accelera- 
tion of the w-point involve the velocity as well as the acceleration 
of the corresponding z-point since D?w depends upon both Dz 
and D?z. The following example illustrates the questions under 
discussion. 


Ex. 2. Given w = 2. Let 2 start from the point 7 with an initial velocity 
of one centimeter per second and move with uniform velocity along a line parallel 
to the positive axis of reals. Determine the path of the corresponding w-point 
and the velocity, acceleration, and speed of that point at any time ¢. 

The path of the w-point is the map upon the W-plane of the positive half of 
the line y = 1. This line maps into the upper half of the parabola v? = 4.u-+ 4. 

The velocity v of the w-point is given by the relation 

dw dz dz 
= — = "ig o— =22-—- 
Peis ea Ge a a 
BM aS ; ; aa ae : ; 
The derivative a the velocity of the z-point, which in this case is constant and 
equal to one centimeter per second. Hence, we have 
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The acceleration a is given by the relation 


a= way c) (7?) +s) 2 =2, 


Consequently, as the z-point starts at 2 = 7 and moves as given by the con- 
ditions stated in the problem, w starts at the point w = 72 =— 1 and moves 
along the upper half of the parabola, starting with an initial velocity of 


Ds PG ms Ye, 
At the end of any given time, say 3 seconds, we have 
2=4=38-+41, Wo = 4 = 8+ 61, 
and yw = 24=6+4+ 27. 


The acceleration of the w-point remains constantly equal to two centimeters 
per second per second. The acceleration in this case being a real number its 


ae 


Fig. 44. Via. 45. 


amplitude is zero and it is directed at each point parallel to the positive U-axis 
as shown in Fig. 44. 

The direction of the velocity at any point is determined by the amplitude of 
z, since y = 2z. As the velocity is always measured along the tangent to the 
path of the moving point, it follows that the tangent to the w-curve is always 
parallel to the half-ray from the origin to the point z. 

The speed of the w-point at any instant is 


|Dw|=|f'@ |-|Dza| =2- [ez]. 


At the end of 3 seconds the speed is then 


Ona feo io ee O10 
sec 
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28. The function w= 2”. In a previous article we have dis- 
cussed a special case of the general function w = 2", namely, the case 
where n = 2. There are some additional properties of the general 
case that will now be considered. 

The function w = 2 is the simplest case that we have of a general 
class of functions known as linear automorphic functions. By such 
a function we mean one that remains unchanged when the inde- 
pendent variable is replaced by any one of a definite set of its linear 
substitutions such that thesetforms a group.* In this case the func- 
tion remains unchanged under the linear substitutions consisting of 
z = —2’ and the identical substitution z = 2’. 

It may be shown that the general function w = 2” is likewise an 
automorphic function. To find the particular linear transforma- 
tions that leave the function unchanged, we make use of the number 


20 ode, SAGE 
(i) = COS +2sin 
n n 


This number is one of the n‘* roots of unity; for, by De Moivre’s 
theorem, we have 


Q0 eI ae 
wt = (cos2™ + isin = = cos27 +21sn27 = l. 


The other n* roots, aside from unity itself, are 


ee Ope Nena 
Moreover, since 


eed It @ on ES remem, sr emo Ne 
we may write 
(ai se) tes. 


Hence, if w* 2’, where k = 0, 1, 2,3, .. . , n — 1, is substituted for 
z in the function w = 2”, the function remains unchanged. The sub- 
stitutions z = w*z’ form a group of linear substitutions and hence 
w = 2" is therefore a linear automorphic function. 

In the discussion of the function w = 22, attention was called to 
the fact that a half of the Z-plane maps into the whole of the 
W-plane. Let us now consider the general case, where w = 2”. We 


have 2 = p(cosé + isin @), 
w = p'(cos@’ + zsin 6’). 


* See Fricke, Hncyklopddie d. Math. Wiss., Vol. IIs, p. 351. 
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From these relations we obtain 


Here, as in the special case where n = 2, a circle about the origin in 
the Z-plane maps into a circle in the W-plane, and a straight line 
through the origin becomes a straight line through the origin in the 


th 
W-plane. From the relation between @ and 6’, it will be seen that (7) 


of the circle in the Z-plane maps into the whole of the circle in the 
W-plane; consequently, a sector bounded by any two half-rays drawn 


from the origin making an angle oa radians with each other maps 


into the whole of the W-plane. The values of 6’ corresponding to the 
chief amplitude of w belong to the interval 


—7r <0 =n. 
The sector bounded by ORi, OR, (Fig. 47), making respectively the 


‘ig Tv . arya 5 ° ; ° 
angles fens with the positive X-axis, maps in a continuous, single- 
1 


¥- 
we 


Fig. 46. Fie, 47. 


valued manner upon the entire W-plane. The lower bank of the 
line OR; goes over into the upper bank of the negative axis of reals 
of the W-plane. The upper bank of the line OR, maps into the lower 
bank of the negative axis of reals of the W-plane as shown in Figs. 
46 and 47. 
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Any: portion of the Z-plane which maps into the entire W-plane 
is called a fundamental region of the given function. Thus the 
region R,OR; is a fundamental region of the function w = 2". 
Likewise any sector bounded by two half-rays from the origin and 


making an angle of 2a with each other may be taken as a funda- 


mental region. In the case of linear automorphic functions, any sub- 
stitution that leaves the function unchanged maps any fundamental 
region of the function into another region that does not overlap the 
first. The second region may be taken likewise as a fundamental 
region of the given function. 

It is to be observed that while the mapping of the Z-plane upon 
the W-plane by means of the given function is continuous and 
single-valued, it does not follow that the mapping of the W-plane 
back upon the fundamental region of the Z-plane is continuous. 
As a matter of fact, such a mapping is single-valued but not con- 
tinuous. In other words, not every continuous curve in the W-plane 
maps into a continuous curve in the fundamental region of the 
Z-plane. Suppose, for example, that we have a curve in the W-plane 
crossing the negative axis of reals. As we have already seen, the 
upper bank of the negative U-axis maps into the lower bank of the 
line OR; while, on the other hand, the lower bank of the nega- 
tive U-axis maps into the upper 
bank of the lne OR:  Conse- 
quently, the curve C (Fig. 46), 
which is a continuous curve in the 
W-plane, becomes a discontinuous 
curve in the Z-plane. We can say, 
however, that the mapping from 
the W-plane to the fundamental 
region of the Z-plane is a single- 
valued process; for, to every point 
of the W-plane there is one and 

Fig. 48. only one corresponding point in the 
fundamental region of the Z-plane. 

A fundamental region of the function w = 2” need not be bounded 
by straight lines. It serves our purpose equally well to take any con- 
tinuous curve proceeding from the origin and to revolve it through 


Ve ore : : 
the angle oe as indicated in Fig. 48, The boundary lines of the 
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sector extend indefinitely from the origin in the case of the function 
under discussion. 

It must not be assumed that the fundamental region of all auto- 
morphic functions can be obtained in this manner. The function 
here considered is a special case. A more general case will be dis- 
cussed in a subsequent chapter, in connection with doubly periodic 
functions. 

By means of the fundamental operations of multiplication and 
addition applied to complex constants and functions of the type 
w = 2", where n is integral, we obtain the rational integral function 


f(@) = a2" + aye™" + ape"? + +++ tan, 1 Xz 
It is of interest in this connection to point out some of the appli- 


cations * that may be made in theoretical physics of the transforma- 
LAG O 2" 


For the special case where n = — 1, we have 
i 
Ww>=-) 
2 
or 
: 1 
uUu+tw= near 
whence 
£ eek!) 
U= ey v= ey’ (1) 


Corresponding to the lines u = c we have 


ze = th 
x+y? ? 


or 
ca? + y’) —x24 = 0. 


This equation is represented by a system of circles having their cen- 
ters on the X-axis and all passing through the origin. For the or- 
thogonal system, we have 


es 
a ++ y ) 


or 
cla’ + y") + y = 0, 


* See Jeans, Electricity and Magnetism, p. 261 et seq; Lamb, Hydrodynamics, 
34 Ed., p. 66. 
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which is represented by a system of circles having their centers on 
the Y-axis. These two systems of circles are shown in Fig. 49. 
When a fluid flows over a plane surface, any point P from which 
the fluid flows out in all directions in a uniform manner is called a 
source. By the strength of the source is understood the total flow 
in a unit of time across a small closed curve about the source, that is, 


ak 


a 


Fig. 49. 


the time rate of the supply of the fluid through the source. A 
negative source is called a sink. Let P’ be a sink and suppose it 
to be of equal strength with the source P. Denote this common 
strength by m. If we now think of P as approaching P’ in such a 
manner that the product m+ PP’ remains constant, say equal to n, 
then we say that we have a plane doublet * of strength n. The 
velocity-potential due to the doublet is given by 


eegiib 


o(x, y) = eye 


* See Pierce, Newtonian Potential Function, p. 434, et seq. 
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while the lines of flow are given by 
V(2, y) ac ear =C 

By comparing these functions with the conjugate functions u(z, y), 
v(x, y) given in the equations (1), it will be seen that wu, v determine 
the velocity-potential and the lines of flow respectively of a plane 
doublet at the origin whose strength n is —1. The X-axis is the 
axis of the doublet. The lines of flow v = c are, as we have seen, 
the system of coaxial circles having their centers on the Y-axis, 
while the system of coaxial circles having their centers on the X-axis 
are the lines of equal velocity-potential. 

Writing the given function w = 2" in the form 


u + iw = p"(cos@ + isin 6)"; 


we have, upon equating the real parts and likewise the imaginary 


parts, 
uU = p” COS N80, v = p” sin 70. 


For n = 1 the first of these equations gives, for the flow of an in- 
compressible fluid, a system of equipotential curves parallel to the 
Y-axis, and the second gives as the corresponding lines of flow a 
system of lines parallel to the X-axis. 

It has been pointed out that when n = 2, then the equation u = c 
gives a system of rectangular hyperbolas having the axes of coérdi- 
nates as their principal axes. In the applications to the flow of an 
incompressible fluid, these curves are the lines of equal velocity- 
potential of an irrotational fluid having constant density and a 
steady flow. The curves v = ¢, that is the lines of flow are likewise 
a system of rectangular hyperbolas, having in this case the axes of 
T 
2 
same line of flow corresponding to v = 0; hence, we may take the 
positive parts of the codrdinates axes as fixed boundaries, and thus 
obtain a case of irrotational fluid motion in an angle between two 
perpendicular walls (see Fig 37). 

By the proper selection of the value of n, we may so change the 
conditions as to represent an irrotational motion of the fluid be- 
tween two rigid walls making a given angle ¢ with each other. The 
lines of flow are given by the equation 


codrdinates as asymptotes. The lines @ = 0, 06 = = are parts of the 


p” sin n# = ¢, 


120 MAPPING, ELEMENTARY FUNCTIONS [Cuap. IV. 


where the lines 6 = 0, 0 = ~ are parts of the same line of flow, namely 
the one by putting c=0. If now we so select n that the angle ~ 


shall be the required angle ¢, that is if n = as we get as the required 


equations of the equipotential curves and lines of flow, respectively, 
the following: 


3 0 a 170 
u = p* cos—, v= an 5 


? 
rd 


Fig. 50. 


Ex. Find the value of » such that the function w = 2” shall determine an 
irrotational motion of a liquid between two walls making an angle of 60° with 
each other. Find the velocity-potential and direction of the flow at the point 
Z = 2 (cos 20° + isin 20°), assuming the flow to be steady. Trace the equi- 
potential curve through the given point. 


We have 
n= iu, = 3, 
ue 
3 
and therefore w=28=ut+w, 
whence u= 2 — 3xy’, v = Baty — 9, 


The velocity-potential at the given point is 
uw = p? cos 3 0 
= 23 cos 3+ 20° = 4, 
The equipotential curve is then given by the equation 


ve — 3eu2 = 4, 
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From the definition of velocity-potential, we know that the components of the 
velocity in the direction of the X-axis and Y-axis are — a, — ee, respectively. 
The velocity » is given by 

du du. 


Ox Oy 


(8) 


We can determine graphically the velocity by means of the derivative Dw. As 
we have seen, Art. 21, 


Ou OU 
Dae atta (9) 


By comparison of (8) and (9), it will be seen that the point P’ representing the 
velocity at 2 is the reflection upon the axis of imaginaries of the point P repre- 
senting Dw. We have 


D,z,w = 3 22 = 12 (cos 40° + 7sin 40°). 


The point P is found by laying off on a line making an angle of 40° with the axis 
of reals the distance OP = 12. By reflection upon the Y-axis the point P’ is 
found, which represents the velocity at z. Drawing from 2 a line parallel to 
OP’, we have the direction of the flow at 2. This flow is in the direction of the 
normal to the equipotential curve through z as we should expect. 

It should also be observed that if the point z is allowed to move along a 


curve of flow 
v=3ry—y =k, 


the point P’ varies in such a manner as to describe the hodograph* of the motion 
of z, and thus the velocity of P’ determines the magnitude and direction of the 
acceleration of Zo. 


The relation between the velocity in the Z-plane and the deriva- 
tive Dw, as brought out in the above exercise, is perfectly general 
and may be applied to any case, so long as the function w = f(z) 
is holomorphic in the region under consideration. It should also be 
noted in this connection that the velocity of a point moving along 
the line v = c in the W-plane is always the negative of the square of 
the speed of the corresponding point moving along the curve of flow 
in the Z-plane; for, denoting by v», vz, the velocities in the W-plane 
and Z-plane respectively, we have by equation (13), Art. 27, 


ee ec 
Ox oy Ox Oy 


ity = ID) Yb) 0 Ge 


lI 

| 
ag 
Sy pSg 
Sic 
See 

i) 
| 
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Sie 
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where r is the speed along the curve of flow in the Z-plane. 


* See Ziwet, Theoretical Mechanics, Part I, p. 80. 
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29. Definition and properties of e%. We shall now define the 
exponential function e?, where z is a complex variable. The defini- 
tion and properties of the function e*, where x is a real variable, 
can not be assumed to hold when the’ variable is complex. The 
function e? should be so defined, however, as to include, as a special 
case, the function e*. It will assist us in formulating this definition 
to recall the definition and some of the general properties of e*. 
The number ¢ is defined by the limit 


ead (1+ 5)" = 2.7182818 aon 
where n takes all positive real values. Likewise, the exponential 


function e” is defined as the limit LD (1 + ae 


n=0o 


This function obeys the general law, 


f(@1) + f(@2) = fer + a). (1) 
Differentiating the function f(x) = e*, we have 
De se) = (2) 


We shall define the exponential function of a complex variable 

by the relation, 
2 n 
em 6 (1 + *) ; (3) 
Ie n 

where n is a positive integer. We shall show that this limit exists 
for all finite values of z and that the function thus defined has the 
general properties expressed for e* in (1) and (2). 

To show the existence of this limit, we proceed as follows. We 
write 


(ieee 
n 


nv 


=; eee. 
it Rs (4) 
Putting 
eee A Ue nes 
1+ 7 = pcos, 2 Psind, (5) 
we get 


i =[p(cos@ + isin 6)]" 
= p"(cos nO + isin n6). (6) 
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Since n can be taken so large that 1 + -s and therefore cos 6, is 


always positive, from (5) we obtain @ as the principal value of 


E Uv] 
are tan es and 
x\? 213 
Zale 
whence p= (2 + 4 4. Z| 
= a\" y? Be 
Se area @) 


The limit in (3) may then be written 


n 


Z pe a\" y? 2 
= (1 LE 5) a ub (1 2 E = (n+ =| 


+ 7sin n are tan y ) 


(cos n are tan 


y 
n+2 n+2 


n 


= Jb, (1+<)". L O+—%)-| L cosnare tan y 
ae Wh gen (n+ x)? MEPS n+a 


: y 
+74 2 sin n are tan aoe -| (8) 


provided each of these limits exist. These limits, however, do ex- 
ist and can be readily evaluated. We have from functions of a 
real variable 


L (1 sh =)" = ¢, 
n=0 n 
For y = 0, the second limit in (8) is one; for y # 0, we have 


n 


2 


PAbstcee yi) Pel baacee Al ome 


However, we have 
(n+2)2 L yp 


Lait 1 7) # |e “Gta : 
ee ate + oar eas 
Ay 


polee ty 
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Hence, from (9) we get 


Uo | eee 
ee Geet ae 


Since the cosine is a continuous function, we may write the third 
limit in (8) in the form 


cos n arc tan Z es cos Ly mare tan a 
ey arc tan =o 
= cos L as 7 =cosy. (10) 
n+2 
Similarly, we have for the final limit in (8) 
ZZ sin n are tan eee = sin ¥. (11) 
Hence, substituting these results in (8) we obtain 

e* = e*(cosy + ésin y). (12) 


This result not only shows that the limit given in (8) exists for all 
finite values of z, but it gives a very convenient form of the defini- 
tion of the exponential function e’. 

From this form of the definition, we can deduce a convenient 
method for writing the complex number 


z = p(cos@ + isin 6); (13) 
for, putting z = 0 in (12), we have 
e” = cosy +isiny, 
or writing this result in the usual form, we have 
e® = cos6+ isin. 
Hence we may write (13) in the form 
z = ped, (14) 
a form of expression that is often convenient. 
The function e? is uniquely determined; for, we have from (12) 
ev =utw=ecosy + ie siny, 
whence 
u =e cosy, v = e*siny. (15) 
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From these equations it follows that the conditions that f(z) = e? is 
an analytic function are satisfied; for, we have for all finite values 
of x, y 

ou dv ou sav 
oy ax. 


Therefore, e? is holomorphic in the finite region of the complex plane 
and consequently is an analytic function. Hence, in the finite region 
e? is continuous and has a continuous derivative. Moreover, e? is 
a single-valued function of 2, and e? appears as a special case. 

From (12) it can be shown that the general properties of the 
exponential function of a real variable may be extended to the case 
where the variable is complex. For example we may deduce as 
follows the general law expressed in (1), namely, 


e471 + e%2 = ets, 
Substituting the values of e*, e#, as defined by (12), we have 


e71+ e = e% (cosy; + 7 81N Yi) e7(COS Yo + 7 SIN Ye) 
= e™*™ }cos(y1 + yo) +7 sin (y1 + Yo) } 


= e71t22 


The law of differentiation stated in (2) holds also where the vari- 
able is complex. Remembering that 


we have from (12) 


Die = e* cosy + te* sin y 
= e*(cosy + 7 sin y) 


— (ge 


It is to be observed that e* is a periodic function; that is, the 
function remains invariant when z is replaced by z plus some con- 
stant, say w. Such a function satisfies the relation 


f(@ + e) =f. 


The constant w is called a period of the given function. A periodic 
function takes all of its values as the variable z takes the values in a 
definite region of the complex plane, known as the region of peri- 
odicity, and repeats those values as z varies over another equal 
portion of the plane. In this particular case the regions of peri- 
odicity are parallel strips bounded by lines parallel to the axis of 


i ~ x r? 
JAA 00 Pe ee 
{ 
eG te ees tit tall 
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reals and at a distance of 27 from each other. We say then that 
the function has the period 277. To show this to be the case, we 


may write 
y e7t2 Tt ertiyt2r) 


e* §cos(y + 27) +isin (y+ 27)} 
e* {cosy +7sin y} 
=e 


Instead of 27, we could have taken equally well any multiple of it 
as a period. It would not have answered the purpose to have 
taken a fractional part of 277 nor any number less than 2 77; that 
is 277 is the smallest constant that answers the purpose. We in- 
dicate this fact by calling 2 i the primitive period of the function. 
When, as in this case, all of the periods are multiples of a single 
primitive period, the function is called a simply periodic function. 

Let us now undertake to map the Z-plane upon the W-plane, 
and conversely, by means of the relation w = e?. Since the given 
function is holomorphic having a derivative different from zero for 
finite values of z, it follows that the mapping is conformal in the 


finite region; that is, in this region the similarity of infinitesimal 
elements is preserved. We shall make use of the fact that the 
function is periodic, having the period 27. If we draw through 
the points 7i and —7i in the Z-plane two lines parallel to the X-axis, 
the region bounded by these lines maps into the entire W-plane 
and therefore may be taken as the fundamental region. In 
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mapping we shall consider the boundary line y = z, but not the 
boundary line y = — 7, as belonging to the fundamental region. 
What is said of this region may be said of any one of the regions 
bounded by the lines 


y=(2k+1)7, y= @Qk—1)n, k= -~- , —2,—1,0,1,2,-°-. 
The line w = 0 is the map of certain lines parallel to the X-axis. 

To show this, put w = 0 in (15) and thus obtain 
0 = e* cosy, (16) 


whence for finite valuesof 7, we have u = 0 as the map of the lines 
ter om h ) 2, 10, ene 


Within the fundamental region — r < y = 7, we have the lines cor- 
responding tok = 0 and k = — 1; and hence the line u = 0, that is the 
Y-axis, is the map of two lines of the Z-plane lying within this region, 
namely: 


y=5 and y=— =: (18) 


Nla 


For y= 5 we have from (15) v = e*, and for y = — 5we have v = — é*; 


so that the positive V-axis is the map of the line y = , while the nega- 


tive V-axis is the map of the line y= — ee Since forz > 0,y=+ 5 we 
have | e7| = e” > 1, it follows that the portion of the positive V-axis 


exterior to the unit circle about the origin is the map of the positive 
half of the line y = a and the portion of the negative V-axis exte- 
rior to the unit circle is the map of the positive half of the line 
a 


5 We have ee | ere eel 


y= ae Likewise, since for x < 0, y=+ 


it follows that the negative halves of the lines y = =, y = — 5 map 


NIA 


respectively into the portions of the positive and the negative V-axis 
lying within the unit circle. 
In a similar manner we have from (15), for v = 0, 


0 = e*siny, (19) 
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and hence the line v = 0, that is the U-axis, is the map of the lines 
pain, Views ee Oe = 110 eer eee 20) 


For the fundamental region —  < y =7, we have k = 0, 1, and 


consequently 
y = 0,7. (21) 


For these values of y, we obtain 
PA Wh Se Se, (22) 


respectively. Hence the positive U-axis is the map of the X-axis, 
and the negative U-axis is the map of the line y = r. 

The positive halves of the lines y = 0 and y = 7 map into that 
portion of the U-axis exterior to the unit circle, while the negative 
halves of the same lines map into that portion of the U-axis within 
the unit circle. 

Any line parallel to the X-axis maps into a half-ray in the W-plane 
proceeding from the origin, Fig. 53. This may be shown as follows. 


Hic. O38) TG 54. 


Kliminating w from equations (15) by multiplying the first of these 
equations by sin y and the second by cos y and subtracting, we have 


usiny — vcosy = 0. 
For constant values of y, this equation gives straight lines of the 


form 
y= Wn, 


where m = tany. Since e* is positive for all finite values of 2, it 
follows from (15) that any line y = c maps into a half-ray from the 
origin taken along the line » = mu; the portion of this half-ray 
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interior to the unit circle corresponds to negative values of x, while 
the portion exterior to the unit circle corresponds to positive values 
of x. If successive values of y differ by equal amounts, then the 
corresponding half-rays in the W-plane will make equal angles with 
each other. 

The map of a line parallel to the Y-axis may be easily obtained as 
follows. Eliminating y from the equations 


“=e cosy, v=esiny 
by squaring and adding, we have 
u? + vy? = e* (cos? y ++ sin’ y) 
nea 
For any constant value of z, we have then a circle in the W-plane 
about the origin as a center. 
For x=0, 
we have Ni Se = Ie 


that is, the Y-axis maps into the unit circle about the origin in the 
W-plane. For « =c > 0, the map in the W-plane is a circle exte- 
rior to the unit circle; and for x = c < 0, the map is a circle lying 
within the unit circle. From what has been said, it will now be seen 
that the regions a, b, c, d, A, B, C, D, Fig. 52, map respectively into 
the regions a, b, c, d, A, B, C, D, Fig. 51, the lower bank of the line 


y =, and the upper bank of the line y = — 7 mapping respectively 
into the upper and the lower banks of the negative U-axis. 
Any line y = mz 


passing through the origin, other than the axes of codrdinates, maps 
into a curve in the W-plane that cuts the half-rays from the origin 
at a constant angle; that is, it maps into a logarithmic spiral about 
the origin. Since the point x = 0, y =0 maps into the point 
u = 1, v =0, all of these logarithmic spirals pass through the point 
u=1,v=0. 

As we have seen the whole of the W-plane can be mapped into any 
one of a number of strips parallel to the axis of reals in the Z-plane. 
Suppose we map it into the fundamental region lying between the lines 
y=7,y = —7. Consider the line u = c,c > 0. For this value of 


u, we have 
Cc = e’ COSY, 
xo 


are sec —: (23) 


or y 


Gn Pel 
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If we put e* = c, that is x = logc, we have 
y = arc secl = 0. 


The curve whose equation is (23) then cuts the X-axis at the point 
x =logc. As & increases y increases and approaches asymptoti- 


cally the line y = sp The sign of y is determined by the sign of v 


in the relation 
v = e*siny. (24) 


Since e” is always positive, sin y and therefore y is positive or nega- 
tive according as v is positive or negative. The curve is therefore 


PMMOOMMOO™O OS ACATAAOKMHAUOAABOBB 


Fra. 56. 


symmetrical with respect to the X-axis and is situated as is indicated 
in Fig. 56. As c is assigned different values, the point where the 
curve crosses the X-axis changes. For c > 1, the curve cuts the 
X-axis to the right of the point « = 0; for c = 1, it crosses at the 
origin; for 0 <c <1 it crosses to the left of the origin. 

It will be remembered that the negative half of the U-axis maps 
into the lines y= 7, y = —z. That portion of the line u = c, where 
c <0, lying above the U-axis will, as we have seen, map into the 
portion of the fundamental region lying between the lines y = ; and 
y =m. Moreover, since c is now negative it follows that y decreases 
as x increases. The form of the curve is indicated in Fig. 56. It is 
asymptotic to the line y = Be In the same way it follows that the 
portion of w = c lying below the U-axis maps into a curve begin- 
ning on the line y = —m and becoming asymptotic to the straight 


Tv 


line y = — 5) since the ordinate increases with x. The results of map- 
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ping the W-plane upon the fundamental region —7t < y =a 
are of course repeated in any other strip bounded by the lines 
y=(2k+1)2, y= (2k—1)7. 

It is of interest in this connection to observe the form of the 
surface ¢ = u(x, y). The curves just obtained by mapping upon 
the Z-plane the lines u = c are the curves of intersection of this 
surface by the plane ¢ =c. A general notion of the form of the 
surface is obtained by noting the manner in which wu changes as x 
increases along certain lines parallel to the X-axis. Take for this 


purpose the lines 


TT. 


a via Tv 
ia aah 3? 0, 2° 


From (15) it will be seen that along these lines, we have 
“w= —eé, 0, &, 0,. —é&. 


As x decreases without limit through negative values, each of these 
values of w approaches zero. However, as x increases the value of 


F ° Tv . 5 
u remains zero along the lines y = — 9° but increases without 


T 
De 
limit along the line y = 0, and decreases without limit along the 
lines y =—7z,7. Hence, we have a surface that is flat at the extreme 
left and towards the right has ridges and valleys of increasing magni- 
tude. These ridges and valleys extend parallel to the axis of reals 
and their magnitude is readily determined by taking a cross-section 
of the surface parallel to the Y-axis. 


As an illustration, let us consider the function 
z=wter, 


As we shall see later, this function is of importance in the consideration of certain 
problems in mathematical physics. We shall map a given configuration from the 
W-plane upon the Z-plane by means of this relation. In order to do so, we must 
first obtain z and y in terms of wand v. Writing the given function in the form 


etty =utw + evtiv 
=u+w+e-ewr 
u+w +e” (cosv +7sin»v), 


I 


we have upon equating the real and the imaginary parts 
z=u+te”“cos»r, y =v+e“sinv, (25) 
The axis v = 0 maps into the X-axis; for, we have in this case from the equa- 


tions (25) 
Gm u-e, -y = 0, 
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and, consequently, every point on the U-axis maps into a point on the X-axis, 
the point w = 0 mapping into z = +1 (Fig. 57). For v = a, we have 


C= U— ec VY =a. 


As w moves along the line v = r from u = —® to u = 0, the corresponding point 
in the Z-plane moves along the line y = 7 from e = —® tox = —1. As the 
value of w continues to increase from wu = 0 to u = ©, the value of x passes from 


YA 
r 
\ a 
y 
——— a 
é as 
Fie. 57. Fig. 58. 
x = —lback tox = —o«. Wesay that the line v = z maps into the line y = 7 
in such a manner that the line doubles back upon itself at the point s = —1. 
In a similar manner, the line v = —7 maps into the line y = —z, bending 


back upon itself at the point 7 = — 


il, 
Let us now consider the line v = a: For this value of » we have 
Tv 
v=; Y 5 ee 


7 ; : F 5 
For u = —o, we have x = —“,y = As w increases, y increases until u 


3° 
Tv . ore 
reaches the value zero, where « = 0, y = 3 +1. As w increases through positive 
values, y continues to increase with wu as indicated in the figure. 
. Tv 
For values of v lying between 5 and 7, say for (r —e), we have 
ol 
x=u—e"“cose, 


y =w7w —e+e“sine. 


From these equations, we have for u = —, 


yrr-.e 
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As u increases, both x and y increase, although y increases very slowly, until we 
have 
: ; Dye = 1 —e cose = 0; 
that is, until 
e“cose = 1. 
As e“ cos e becomes greater than 1, Dux becomes negative and x decreases while y 
continues to increase and that more rapidly. The general form of such a curve 
is shown in the figure. 
. Tv . . 
For values of ¢ lying between 0 and 3? the line » = c maps into a curve such 


that y at first increases very slowly and then more rapidly as wu takes on large 
positive values. In this case, however, x also continues to increase as w increases. 

For values of v less than 0, the curves lie below the X-axis and are symmetrical 
as to that axis with those already obtained. The mapping of these curves there- 
fore presents nothing new. 

The given function expresses the motion of a fluid from a reservoir of indefi- 
nitely large size into a narrow, restricted channel bounded by thin parallel walls.* 
If the sign of w is changed, the given function represents the flow as taking place 
in the opposite direction. As may be shown, the velocity of the flow increases 
indefinitely in the neighborhood of the points (—1, 7), (—1, —7). 


30. The function w= log 2. We shall now define the logarith- 
mic function and discuss some of its properties. In real variables 
the logarithm is frequently defined as the inverse function of the 
exponential. This property will be used in defining the logarithm 
of a complex number. The general properties of inverse functions 
have been discussed in another connection. To determine the in- 
verse of the exponential function let us consider the relation 


Ce (1) 
We have, as elsewhere, 
w=u+w, 
z= p(cos¢ +7sin@). 
Equation (1) may then be written in the form 
et tiv = oe. ce = pn (cosd+ising). (2) 


Remembering that 
e” = cosv + isin», 
we may now write (2) in the form 
e“(cosv +-7sinv) = p(cos¢ + 7sin @). 
Equating the real and the imaginary parts in this equation, we 


obtain 
e“cosv = pcos¢, e“sinv = psing. (3) 


* See Lamb, Hydrodynamics, 3° Ed., p. 70. 
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Each number entering into these equations is real, and consequently 
we can solve the equations for u and v by the means already at our 
disposal. Squaring each member of these equations and adding, we 


have 
(e“)? (cos? v + sin? v) = p?(cos? ¢ + sin® ¢), 


whence 
(Ces 
but as e” and p are always positive numbers, we may write 
e" = p. (4) 


Making use of this relation, we have from (3) 


COS V = COS ¢, 
sin v = sin @, 


v=¢. (5) 


Since u and p are both real numbers, we have from (4) 


whence 


u = log p = log'| 2 |: 


It is to be noticed that for z = 0, and therefore p = 0, the equation 
“ = » has no finite solution. For all other values of z, the equa- 
tions 

u = log p = log |z|, 

v= ¢ =ampzZ 


determine definite values of the codrdinates wu, v. The correspond- 
ing value of w is defined as the logarithm of z. We have then as the 
formal definition of w = log z 


log = = log p + i, (6) 
which may also be written in the form 
log z = log|z|-+7ampz. (7) 


For any particular point of the complex plane, say 2, there are 
an infinite number of values of log 2 differing from each other by 
some multiple of 27i. This result is a consequence of the peri- 
odicity of the exponential function, which is the inverse of the loga- 
rithmic function; or, it follows directly from the definition of a 
logarithm, for since we have the same point z if ¢@ is replaced by 
(¢ +2 kr), where k = 1, 2,..., it follows from the definition that 
log z has an infinite number of values for this same value of z. In 
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the discussions of the present chapter, unless otherwise stated, ¢ 
will be restricted to the chief amplitude of z, and for such a value of 
¢, log p + 7¢ is called the principal value of the logarithm. In a 
subsequent chapter we shall discuss the logarithm as a multiple- 
valued function, thus giving to ¢ all possible values. 

The logarithms of the positive real numbers appear as a special 
case of those of complex numbers, because for such numbers the 
value of ¢ is zero. The logarithms of negative numbers may now 
be given a definite significance; for, if z is a negative real number, 
we have 

z= p(cos7 +7sin7z), 
and hence we obtain 
log z = log p + 27, 


which is represented by a definite point in the complex plane. 

Except for z = 0, the logarithmic function is holomorphic in the 
finite region; for, the Cauchy-Riemann differential equations are 
satisfied. We have 


u+w =logp+i¢ 
log Vx? + y? + dare tan ®. 


W 


Il 


Consequently, we obtain 


u = log V 2? + y’, » = arctan’, 


whence ore, etek, bg ayaa ) 
Oa a He Ox Lay 
Ou _ y Ov av 
oy ye Oy ey 


Hence, with the restriction placed upon its amplitude the function is 
analytic. This conclusion does not hold, however, for « = 0, y = 0, 
Ou du dv dv 


since the partial derivatives oe at Ser pi become indeterminate 


in this case. 
In putting 


1 
amp z= ¢ = are tan’, 


it should be noted that care must be taken to distinguish between 


b 
are tan = and are tan: We may not replace these two ex- 
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pressions by are tan (- °) as one might at first think possible; for, 


the first expression is the amplitude of z = a — ib, while the second 
is the amplitude of z = —a-+ 7b. These two values of z have the 
same moduli, but their amplitudes differ by 7. For a similar reason, 


ae : —b b 
we must distinguish between arc tan—, and are tan is 


The function log z obeys the laws of logarithms for real variables. 
We have, for example, 


log 21 + log 2. = log (2122), (8) 


where 2, 2 are different from zero. 
To show that this relation holds, we have 


log 21 + log z = flog pi + 7¢1} + {log po + ide} 
{log p: + log p2} + tid: + t¢2$ 
= log pips + t(¢1 + ¢2) 

= log (2122); 


since, in multiplying two complex numbers we multiply the moduli 
and add the amplitudes. 
To find the derivative of a logarithm, we have 


dw du Ov 
dz oe "one 


and therefore 


dlogz 0 = , . 0 
ne ee foeav/ 2 2 1—ar i 
Gc an log V2? + y? + Lae are tan 


o ly 1 


“ety ety arty 


y 
“3 
1 
a (9) 

The mapping of the Z-plane upon the W-plane by means of the 
logarithmic function gives a conformal representation because the 
function is analytic. The only finite singular point is the origin. 
As we have seen the logarithm is the inverse function of the expo- 
nential function. The general properties of the configuration ob- 
tained by mapping by means of the relation w = log z follow at 
once from the earlier discussion of the mapping by means of the 
functional relation w = e?. The only difference in the two cases 
is that the Z-plane and the W-plane are interchanged. 
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Because the logarithmic function enables us to map a system of 
concentric circles and their orthogonal rays into a system of parallel 
lines and another system of straight lines orthogonal to them, it is 
for some purposes one of the most useful of the functions thus far 
discussed. One of the important applications of this function is to 
that system of map drawing known as Mercator’s projection. If we 
undertake to map the earth’s surface upon a plane by means of a 
projection from the north pole as the center of projection, we obtain 
a corresponding configuration in the plane. The region about the 
north pole becomes very much distorted by this process. It is often 
desirable in navigation so to direct a ship’s course as to cut the suc- 
cessive meridians at a given angle, that is, to keep the ship headed 
toward a definite point of the compass. The curves indicating the 
ship’s course upon the earth’s surface, known as loxodromes, project 
into logarithmic spirals upon the complex plane, when that plane is 
tangent to the earth’s surface at one of the poles while the opposite 
pole is taken as the center of projection. By means of the logarith- 
mic function, the system of circles and orthogonal rays into which 
the earth’s surface maps by this method of projection may be changed 
into two systems of parallel straight lines orthogonal to each other. 
In this new system the meridians become a system of parallel straight 
lines, while the parallels of latitude become a system of parallels 
orthogonal to the first. All loxodromic curves become straight lines 
cutting these two systems of parallels at a given constant angle. 
This result simplifies the problems 
of navigation by the use of the 
mariner’s compass. 

The configuration represented 
in Fig. 59 arises in mathematical 
physics whenever we have a 
source at the origin and a sink at 
an infinite distance. The rays Bice 60. 
are in this case the lines of flow 
and the concentric circles are lines of equal velocity-potential. If we 
pass through the origin a straight wire of indefinite length, through 
which a current of electricity is passed, we have in any plane per- 
pendicular to this wire an induced magnetic field likewise repre- 
sented by the configuration in Fig. 59, except that in this case the 
pencil of rays become the lines of equipotential and the system of 
concentric circles are lines of force. If the electric current flows 
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through the wire in the direction from below to above the plane of 
the paper, the direction of the magnetic force is then as indicated by 
the arrow-heads.* 


-. Writing the given function in the form 


Consider the function w = log = 


2-5 i. 
u + iv, we have upon separating the real and imaginary parts 
= AC 2 
Sea set = log Alaa a a 
je+il” “Verity 
zs a _ = ; MER ad i 
v = amp (z — 1) — amp (¢+ 1) = are tan — Ssypeer oFG tan > ra 
For u = c, we have 
Vis ey 
c = log og | ——————"? 
ViGeae ly e3e 
1. enor 
@+1P+y¥’ 
or 
e+y+2 tg tti=0. (10) 


This equation is represented by a system of coaxial circles having their centers 
on the X-axis. The centers of these circles are given by the equations 
CoS aie ll 


a ee ai y =0, 


eze + 1) 2 
Ea 


For negative values of c the center les to the right of the origin. The point 
(+1, 0) lies within all of these circles. For positive values of c the centers of all 
the circles lie to the left of the origin and inclose the point (—1, 0). Correspond- 
ing toc = 0, we have a circle of infinite radius, that is a straight line perpendicular 
to the segment joining the points (1, 0) and (—1, 0) at its middle point, namely 
at the origin. 

For v = c, we have 


and the radii are equal to 


7 ‘ y Se 
c = arctan oT — arc tan aa: i? 
whence 
ee en 
eee 1 a wets 
1+—*— : 
x 1 
or 
2 —_—_———— = 
aa tan c¥ i Gy) 


* See J. J. Thomson, Electricity and Magnetism, 4 Ed., p. 329, 
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This is the equation of a system of coaxial circles having their centers on the 
Y-axis. Each of these circles passes through the points (1, 0) and (—1,0). The 
general form of the configuration in the Z-plane is given in Fig. 60. 

This configuration may be reproduced in the physical laboratory as follows. 
Given a glass plate covered with iron filings. Pass long straight parallel wires 
through the points A = (+1, 0) and B = (—1,0) perpendicular to the plate 


v4 


Fia. 60. 


and allow an electric current of equal strength to flow in opposite directions 
through the two wires. By jarring slightly, the filings tend to arrange them- 
selves along the system of circles about the pots A, B and having their centers 
upon axis of reals. These circles are the lines of magnetic force. The direction 
of this force depends upon the direction of the two currents. If the direction of 
the current through the plane of the paper at A is downward and that through 
B is upward, the direction of the force is as indicated in the figure. The orthog- 
onal system of circles all pass through the points A, B and are the lines of equi- 
potential. 

For the flow of incompressible fluids, we obtain the same configuration when- 
ever one of the points A, B is a source and the other a sink, both being of the 
same strength. The circles through A and B are then the lines of flow and the 
circles of the orthogonal system are the lines of equal velocity-potential. If A 
is the source and B the sink then the direction of the flow is from A to B. 

For the function w = log (2g + 1) (2 — 1), we have a different configuration. 
From the given function, we obtain 


uti =log|z+1|-|z—1|+2famp (+1) + amp @ — 1}, 
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or u=log|z+1|-|2-1| =lgV@4+1I?+¥V@—-1?4+Y, 


] 
a+l1 


v = amp (2+ 1) + amp (@ — 1) = arc tan + are tan—4—. 


For wu = c, we get 
Dey Q(t liye 2 ee 


which for c ¥ 0 is represented by a system of Cassinian ovals as shown in Fig. 61. 


% 


RiGe Gls 


For c = 0 the equation represents a lemniscate having its double point at the 
origin. For the orthogonal system of curves, we have 


eo y y 
CS Gian spe etal ye 
whence 
y y 
eee 2xuy 
tanc = 5 = > ; ) 
1 y? oy — 1 
2 — 1 
or 
es 5) ye 
i ents © - 


This equation gives a system of hyperbolas passing through the two points (1, 0) 
and (—1, 0) as indicated in Fig. 61. 

This configuration comes into consideration in theoretical physics whenever 
the points A and B are sources of equal strength. If we are considering the flow 
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of an incompressible fluid, the curves wu = care the lines of equal velocity-potential, 
and the curves v = ¢ are the lines of flow. If, however, we are considering a 
magnetic field, induced by passing currents of equal strength in the same direc- 
tion through parallel straight wires intersecting the plane at A and B, the curves 
u = c become the lines of force, and v = ¢ are the lines ef equipotential. Ordi- 
narily a line of force does not intersect itself. In the case under consideration one 
of the lines of force, namely uw = 0, does intersect itself, having a double point 
at the origin. In order that a double point may exist the partial derivatives of 
u with respect to x and y must vanish.* These partial derivatives are the com- 
ponents of the force acting, and since both are zero there can be no force at such 
a point. For this reason such a pcint is called a point of equilibrium.t In the 
case of an irrotational fluid motion the components of the velocity are zero at a 
point of equilibrium and hence no flow takes place at such a point. The same 
configuration occurs in the discussion of the colored rings in biaxial crystals due 
to the interference of polarized light. : 


By means of the logarithmic function, we may express the more 
general case of any number of sources and any number of sinks, 
each having a given strength. Suppose we have a source at each of 
the pots aj, a, ...,@, baving strengths of ky, ke 92. ; Ba, 
respectively. Let there be a sink at each of the points 61, Bs, . . . , Bm, 
each of strength Xi, 2, . . . » Am, respectively. Since the sinks are 
to be considered as negative sources, the corresponding factors 
appear in the denominator of the function of which the logarithm 
is to be taken. The corresponding function is then 


(z — ay)"(z = lp) * cela (z = Qn) kn 


(2 — Bi)(z — Bry... (2 — Bn) 


w = log 


As a special case which presents some interest, let us consider the function 


w = log Ge DF 


z+1 


‘The function w determines, for example, the equipotential lines and the lines 
of force in a magnetic field about two parallel conductors in which the electric 
current is passing in opposite directions in the two and is twice as strong in the 
one as in the other. The wires pierce the complex plane at A = (1,0) and 
B =(-1,0). The wire through A carries a current twice as strong as the one 
through B. 

In order to obtain the two systems of conjugate curves given by the function, 
put 

2—1 = pie, 2+ 1 = pret; 


* See Townsend and Goodenough, First Course in Calculus, p. 370. 
t See Maxwell, Electricity, Vol. I, Chap. VI; Jeans, Electricity and Magne- 
tism, p. 59; Lamb, Hydrodynamics, p. 17, 
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we have 


Pl 2@ 2740, 


pi i(2 0; —02) 
ae 1} 
mel = log ‘< + log et2 —8% 


w = log ——— 


= log = = 1(2 01 — 62). 


Hence, we obtain 


2 
u=loege@, v= 20, — 
P2 
For u = c, we have 
2 
C= log™ , 
P2 
Dales 2 
or po = — = Kp’, IX S30) (12) 


For the orthogonal system, we have 
C= Oy — Oo. (13) 


To plot any one of the system of curves represented by (12), give K an assigned 
value and give to p; any convenient succession of values. Compute the corre- 
sponding values of p2 by means of (12). With zg = +1 as a center and the 
assumed values of pi as radii, draw circles. Likewise, with-e = —1 as a center 
and the computed values of p2 as radii draw circles. The intersections of corre- 
sponding circles give points on the required curve. 

To plot a curve belonging to the system given by (13), give to c any assigned 
value and from the points z = +1,z = —1, and draw lines making angles 6; and 
6. = 26, —c, respectively, with the axis of reals. The intersection of corre- 
sponding lines gives points on the required curve. ‘The general form of the two 
systems of curves is shown in Fig. 62. 

To determine the double points of the lines of force, that is, the points of equi- 
librium, we have 


Bade 9 ak a 
Va@+lP+y 


u = log = = log 


The double points are given by putting partial derivatives of w with respect to 
x and y equal to zero and solving the two resulting equations for x and y. We 
have then to solve the equations 


ee @@—iIt+y 2@-1) #41 agate 
ce "8Va@rtizty @-iPtyY @+ityY ” 
ou a) (x —1)? +7 Qy , 
yl a eee ae =0. (1 
yay 8 Vepipty @-lity @tipry % OF 
Equations (14) and (15) are satisfied simultaneously by the values y = 0, = —3. 


These values are therefore the codrdinates of the point C of equilibrium. To 
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determine which one of the lines w = c maps into the particular curve having a 
double point at (—3, 0), we substitute the values = —3, y = 0 in (12) and 
determine the corresponding value of c. This substitution gives 


e?¢ = 64, or c= log 3; 


that is, the potential function has at each point of this curve the value log 8. 


Fig. 62. 


The distribution of matter being confined to the plane, the intensity of the 
force at any point per unit of strength is equal to the reciprocal of the distance.* 
Hence, in order that C shall be a point of equilibrium, it follows from the laws of 
physics that C must lie on the X-axis and that we must have 

ee 

AC BC 
It will be seen that this equation gives the same values of the codrdinates of C 
as those already obtained. 


* See Wangerin, Theorie des Potentials und der Kugelfunktionen, Vol. I, pp. 
135-137, 
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31. Trigonometric Functions. The definition of the various 
trigonometric functions may be made to depend upon the expo- 
nential function e? already defined. From the definition of e’, it 
was shown that 

e®= cos# + isin 8, 
whence 
e-® = cos? — isin 8, 


where @ in both cases is real. Solving these equations for sin 6, 
cos 0, we get 


‘ eo — e-i8 

sin 6 = —————-; 
2 

ef + e— 8 

cos 9 = ————-- 
2. 


In a similar manner, we shall now define sin z, cos z in terms of the 
exponential function e?, by putting 


ae el = ei 
aT PEERS 
2% 
eit + ei 
COS ty SS ——————0 
2 


Since the function e? is analytic, it follows that sin z, cos z are 
also analytic functions. Moreover, sin x and cos x appear as special 
cases of the sine and cosine of the complex variable z. 

The trigonometric functions of a complex variable satisfy the same 
trigonometric identities as the corresponding functions of real vari- 
ables. We may show, for example, that the following relation 
holds 


sin (2 + 2) = sin 2 COS 2 + cos 2) sin 2. 
We have 


(e%*1 ay e—*41) (et2 + e—i2) 


sin 2, COS 22 + cos 2, SiN 2 =- 


2222 
(ei + e-%1) (eo — e-) =D eilat) — 2 e—ilatam) 
2-21 _ 4 
et @ +42) a e7i(2i+22) 
- 24 
= sin (4 + &). 


The remaining trigonometric identities may be established in a similar 
manner, While the fundamental identity 


cos? 2 ++ sin? 2 = ] 
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holds for complex as well as real values of 2, it follows from the defi- 
nitions of sin z, cos z, that by the proper choice of the complex 
variable z either of the functions sin z and cos z can be made greater 
than unity in absolute values, thus differing in this respect from the 
case where the variable is real. 

Since e* has the period 27, it follows from the definition of sin z 
that it likewise has the period 27; for, we have 
eilzt2m) — g—ie+2) 
sin (2 + 27) = a5 
eit — eniz 

24 


sin 2. 


In a similar manner it may be shown that cos z has the period 
27; that is, that 
cos (2 + 27) = cosz. 


The remaining trigonometric functions are periodic, having the same 
periodicity as the corresponding functions of a real variable. As 
we shall see the lines that limit the fundamental region of sin z and 
cos z are parallel to the Y-axis, while the fundamental region for e? 
is bounded by lines parallel to the axis of reals. This difference is a 
consequence of inserting the factor 7 before z in the definition of 
sin z, cos z. It is to be noted also that for the exponential functions 
e?, e* the region of periodicity is identical with the fundamental 
region; that is to say, no two points z in one of the strips defining 
the region of periodicity gives the same value of the function. In 
the case of sin z and cos z the situation is different and each of these 
functions has the same value for two different values of z in the strip 
defining the region of periodicity. For example, if we substitute 
aw — 2 for zin 


sin Z = iS 
: Ee 
f ei (n—2) Mel e7t(r—2) 
we have sin (r — z) = - ; 
2% 
e'Te- 2 ses, et etz 
i= 2% 


Remembering that 


d 
— 
3 

| 


= cos7 +isin7 = 
e-* = cos7 — tsinz = —1, 


| 
_ 
~ 
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we have sin (rt — 2) = 
= sine. 


Moreover, the points representing z and x — z both lie within the 
region of periodicity —1 < « = 7m, as shown in Fig. 63, provided the 
real part of z is greater than zero and not greater than. This result 


shows that the region of periodicity of sin z can not be taken as a 
fundamental region of that function. 

Again, if in 
e% + e7# 


cos Z = 
2 


we replace —z by z, we have the same function as before. Hence, we 


may write 
cos (—z) = cosz. 


If z is represented by a point in the upper right-hand portion of the 
strip of periodicity, as shown in Fig. 64, then —z is a point in the 
lower left-hand portion as shown. The two points lie symmetrically 
with respect to the origin. This fact shows that the region of peri- 
odicity —r < # = m does not answer the purpose of a fundamental 
region for cos 2. 

Neither the sine nor the cosine can have the same value for more 
than two values of z in the same periodic strip. For example, for 
the cosine, we have 
ew + e7 2 

2 
e iz 1 
> (l) 


COS 2 = 
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which is of the second degree in e?; and hence if we put cos 2 equal 
to a constant there are but two values of e* and hence of z that sat- 
isfy this equation. 

As we have already seen, the regions of periodicity can not always 
be taken as the fundamental region. We shall show that the region 
bounded by the lines « = 0, x = az may be taken as the funda- 
mental region for cosz. In this connection, we shall consider the 
mapping of the Z-plane upon the W-plane by means of the relation 

=cosz. We have 


; ev of e- 
cosZ2 = W=u+w= ae aa 
ei(ztiv) + e—i(ztin) 
a 2, 
Sere oe! 
2 


Cae nulls Ce! a a 
= toy. (cos a +7 sin 2) + 3 (cos x — isin 2) 


ey — ey e 4’ — ev 


= 5) COS. & > 2 5 sin x. 
Hence, we may write 
pds is Ce 
= 3 0082, v=—s— sine. (2) 
For x = 0, we obtain 
Ce 
= ae v= 0. 


If y = 0, we have u equal to +1; for y = 0, we get u >1. Hence, 
the axis of imaginaries maps into that portion of the U-axis that 
lies to the right of uw = 1, as shown in Fig. 65. 
For « = z, we have 
agate ee 


u= eer v= 0, 


and the line « = 7 maps into that portion of the negative U-axis 
that lies to the left of the point —1. If 0 < 4 <7, we have for a 
positive value of y a corresponding negative value of v; for, the 
value of sin z is positive, while the factor 


ey — ey 


2 
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is negative. In a similar way, if y is negative and 0 < x <7, the 
corresponding point in the W-plane lies above the axis of reals. 


It will be seen upon inspection that for z = =, y = 0, the value of 


Tv 
9 ) 
w is zero. As x varies from 0 to 7, y remaining zero, w takes all of 


the values represented by points on the real axis between +1 and 
—1; for, in this case we have from (2) 


l| 
= 


th = COS, v 


Lines parallel to the X-axis map into ellipses (Fig. 65) having the 
points -+-1 as the common foci. We may show this as follows. 
From (2) we get 

2u =22 


FOR a> oita ee OO ae arenas 


Squaring both members of these equations and adding, we have 


Zit aaNe 2v 2 
(5 + —) 5 (5 = =] =. 


For y = c this equation is that of an ellipse. For various values of 
c we obtain a system of ellipses having the common foci +1, —1. 

The lines parallel to the Y-axis, that is ¢ = c, map into hyperbolas 
having the foci +1. To get the equations of these hyperbolas, we 
divide the members of the first equation in (2) by cos x and those of 
the second by sin a, thus obtaining 


U ev + ev v e7’ — ev 
= ) ; = 
COS & 2 sin © 2 
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Squaring these results, we have 


( u ) eee er ee ( v y-oaete 


COS x 4 sin x 4. 


Subtracting the second of these equations from the first, we obtain 


u \? (=! 7 
COS x sin x i 


which for constant values of x is the equation required. 

The region bounded by the lines x = 0, x = 7 maps into the entire 
W-plane and may therefore be taken as the fundamental region for 
cos z. Any region bounded by the lines x = kr, x = (k + 1)z, 
k= = -- —3, —2, —1, 0, +1, 142,43, .. . answers equally well 
as a fundamental region. 

The corresponding regions in the two planes are indicated by the 
letters a, 0,6. .--and a’, 6’, c;.. .-, Figs: 65 and 66; 

The configuration in the W-plane (Fig. 65) gives us a method of 
determining cos z by graphical methods. For example, let z = a + 7b 
be any point in the Z-plane. Suppose the parallels to the axes map 
into the particular ellipse and hyperbola shown; then cos z is repre- 
sented by the intersection of the curves as indicated. 

From the definitions of sin z and cos z, we can readily obtain ex- 
pressions for the other trigonometric functions in terms of the ex- 
ponential function. 

For example, we have 


These functions are holomorphic in that portion of the finite plane 
for which they are defined. The first of these functions, tan 2, is 
undefined for those values of z for which cos z vanishes. From the 
map of cos z upon the W-plane, it will be seen that cos z is equal 
to zero only for the real values 

Tv 


i= 5 


st kr, |e Mea nop ey 
In a similar manner, it may be shown that cot z is undefined for 
those values of z for which sin z vanishes, that is for the real values 


z= - kr, Wig" Ord lea. was 


The trigonometric functions are therefore analytic functions. 


* 


7 
. 
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32. Hyperbolic Functions. As in the case of circular functions, 
we shall first define the functions 


w = sinh z, w = cosh'Z, 


and from these definitions deduce the remaining functions by means 
of the relations, 


sinh 2 ul wel 
tanh 2 = Sane? coth 2 ahee sechz = aah 
cosech 2 = ols 
sinh 2 


We now define sinh z, cosh z in terms of the exponential function as 
follows: 
oe — poe 4 —#2 
sinhe= ——* , Coch eee (1) 
2 2 
By comparing these definitions with those of the sine and cosine, it 
will be seen at once that 


sinh zg = — 7sin 7z, cosh z = cos 2z. (2) 
The following useful identities follow at once from the definitions 
given. 
cosh? 2 — sinh? 2 = 1, 
sech? 2 + tanh?z = 1, 


coth? z — cosech? z =1. 


To deduce the first relation, we have 


F : ? e* e~*\2 et — eat 2 
cosh? z — sinh?z = ($>) an ( 


= 1. 


The rest of the above identities may be deduced in a similar manner. 
The hyperbolic functions are analytic functions, since e? is an 
analytic function. Moreover these functions are periodic; for, as 
we have seen the function e? is periodic. 
The formulas for hyperbolic functions of real variables may be 


7 
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extended without change to complex variables. We have, for ex- 
ample, 


cosh (2; + 22) = cos? (21 + 22) 
COS 221 COS 722 — SiN 22; SIN 722 


cosh 2; cosh 2, + sinh 2; sinh 2. 


l| 


Hyperbolic functions of real variables may often be conveniently 
used to express the trigonometric functions of a complex variable in 
the form 

u(x, y) + w(x, y). 
We have, for example, 


sin 2 = sin (x + ty) = sinz- costiy + cos2- sin iy 
sin z+ coshy +7 cos + sinh y, 


whence u=sinxcoshy, v = cosxsinh y. 
Similarly cos 2 = cosx cosh y — 7 sin x sinh y, 
and u=coszcoshy, v= —sinzsinhy. 


To express tan z in the form u + iv, we have 


sinz sin (x + wy) 


cia aos (2 + wy) 
_ sin (x.+ ty) cos (x — ty) 
~ cos (x + zy) cos (x — zy) 
_sin2Qe+sin2iy sin22+isinh2y 
~ cos2a+cos2iy cos2x+cosh2y’ 
sin 24 sinh 2 y 
whence Uu= 


cos 2” + cosh 2 y’ ”  cos2@ + cosh2y 


We shall now map the Z-plane upon the W-plane by means of the 
relation 
w = cosh z. 
The results of this mapping can be readily deduced from those 
obtained in mapping by means of the relation w = cosz; for, 
it will be seen from (2) that we have w = cosh z if in w = cosz, 
z is replaced by iz. Hence, to map any configuration from the 
Z-plane to the W-plane by means of the relation w = cosh gz, all 
that is necessary is first to map the given configuration from the 
Z-plane to an auxiliary Z’-plane by means of the relation 2’ = 7z, 
which merely rotates each point of the complex plane through a 


positive angle e and then to map the resulting configuration from 


‘\ 
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the Z’-plane to the W-plane by means of the relation w = cos 2’. 
The region in the Z’-plane bounded by the lines 2’ = 0, x’ = 7 may 
be regarded as the fundamental region for the function w = cos 2’. 
This region corresponds to the region in the Z-plane bounded by the 
lines y = 0, y = — 7, which may therefore be taken as the funda- 
mental region for the function w = coshz. As may be seen, any 
one of the regions bounded by the lines 


= kite Ue oe Lo ee — Ore eee 
can be used as a fundamental region. 


A system of lines in the Z-plane parallel to either of the codrdi- 
nate axes maps by means of the relations 


w= coshz, w= cosz 


y 
‘] “ 


into a system of(straight lines in the W-plane which are likewise par- . 


allel to the codrdinate axes) The lines that map in the one case into 

ellipses map in the other case into hyperbolas and conversely. This 

result is verified by a comparison of the equations for w and v in the 

two cases. We obtain from w = u+ iw = coshz 

er oe et 
2 


u = cosh x cosy = COS Y, 


x —z 


sin 2 
5} Y) 


= sinh s sin y = ‘ 
which are the same equations as those obtained from w = cos 2z, 
Art. 31, except that x is replaced by y and y by —2x. In other words 
by the change from cos z to cosh z the lines of level and the lines of 
slope are interchanged. 

In a similar manner we may establish relations between the maps 
obtained by means of the remaining circular functions and the corre- 
sponding hyperbolic functions. From (2) it will be seen that the 
introduction of the factor 7 enables us to express any hyperbolic 
function in terms of the corresponding circular function. Conse- 
quently, it follows that the special significance of hyperbolic func- 
tions is confined to functions of a real variable. 


Because of the similarity of the configurations obtained by mapping the lines 
x =c, y =c, by means of the relations w = cosz and w = coshgz, it is to be 
expected that similar applications may be, made in theoretical physics. If we 
have the case of a liquid flowing about an elliptic cylinder whose intersection by 
the complex plane is an ellipse having its foci at —1 and +1, respectively, then 
the ellipses, Fig. 65, are the lines of flow and the hyperbolas are the lines of equal 
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velocity-potential. As a limiting case we have the flow of a liquid about a thin 
plate joming the points +1 and —1.* If that portion of the positive real axis 
lying to the right of +1 be regarded as a line source and that portion of the 
negative real axis lying to the left of —1 be taken as a sink the ellipses are again 
the lines of flow and the hyperbolas equipotential lines. If, however, the line 
joining +1 and —1 is regarded as a source, then the hyperbolas are the lines of 
flow and the ellipses are the equipotential lines. 


The definitions of the transcendental functions thus far discussed 
have been based upon the definition of e?, which in turn was defined 
in terms of known functions of real variables. Other methods of 
procedure could have been employed. For example, the logarithm 


of z could have been, and often is, defined as the integral the ‘ oe 


From this definition the properties of a logarithm can be readily 
developed. Then e? may be defined as the inverse function of log z, 
and the remaining functions can be defined as in the text. The 
other transcendental function which we have given may also be 
defined by means of integrals; for example, we may make use of the 
following relations as definitions 


arctane = [>< aresine = f° 2 
T-27" = Lob Vie 


upon which the definitions of the remaining functions discussed in 


the text may be based. 
EXERCISES 


1. Discuss the conjugate functions determined by the relation 
w=2+1. 


Plot the projections upon the X Y-plane of the lines of level and lines of slope. 
_2. Discuss the mapping upon the W-plane of a system of concentric circles 
about the origin in the Z-plane, by means of the relation 
w=32+ 5, 
3. Show that the function 


z=rjcosdM+isin nr}, 


where t is the independent variable representing time and where r and } are real 
constants, represents a movement of the z-point such that the velocity v of the 
z-point is constant in magnitude but varying in direction, and such that the 
acceleration of the I. always directed toward the origin and is constant 


2 
in magnitude and equal to a o being the absolute value of pv. 


* See Lamb, Hydrodynamics, 34 Ed., p. 69; Webster, Electricity and Magnet- 
ism, p. 319. 
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>-4. Given w = e?. Suppose that the z-point has a constant real velocity ¢ 
along the line y = ¢ in the Z-plane. Show, by differentiation, that the corre- 
sponding point of the W-plane moves along the straight line wu = v+ cot ¢ with a 
varying speed. 

5. Any straight line through the origin making an angle different from zero 
with the X-axis crosses an infinite number of fundamental regions of the function 
w =e*. Explain the fact that such a line maps into a single continuous curve 
in the W-plane. 

n 


6. Given w = (1 + ‘| n= 2, 3, .... Determine fundamental regions 
n 


for this function for the various values of n and show how we may obtain a 
fundamental region for w = e* as the limiting case. 

-—T. Show that e? is an automorphic function. 

= 8. Construct the map of the function w = sin z similar to the map of cos z 
shown in Figs. 65, 66. 

—9. Making use of Figs. 65, 66, and the figures obtained for the function 
w =sin z, construct the corresponding figures for the functions w = cosh 2z, 
w = sinh z. 

210. Show that D, sin z = cosz, Dz sinh z = cosh z. 

11. Show that sin 2z = 2sinzcosz, sinh 2z = 2sinhz cosh z. 

#12. Show that for w = sinh z, we have wu = sinh cos y, v = cosh x sin y. 

13. Show that for w = coshz, we have u = cosh 2 cos y, v = sinh zsin y. 

14. Prove that 


sinh x cosh x + 7 sin y cos y 


tanhz = : ; : = 
cos? y cosh? x + sin? y sinh? x 


15. Discuss the mapping of orthogonal systems of straight lines parallel to 
the axes in the W-plane upon the Z-plane by means of the relation 


w = log (ge — 1) (¢ + 1) (e —7%). 


Discuss the possible applications in theoretical physics. 
16. Discuss the function 
(— 1)* 


w = log ——» 


2 


and point out possible applications as suggested by the map in the Z-plane of 
the lines uw = c, v = c. Locate the points of equilibrium, if such exist. 
~17. Suppose a system of equipotential curves to be given by the confocal 
ellipses 
x y p= 2 2= 
gaa epee) a =O < —b —\e 
Show that the lines of flow are the confocal hyperbolas 


woe teed, Se ee 
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18. Show, by the method of Ex. 3, that for uniform motion along any curve, 
the acceleration is always directed toward the center of curvature and in magni- 
tude is equal to 
co 


7 d 
radius of curvature 


where o is the speed in the path. 
19. Show that for non-uniform motion in any curve, the component of the 

acceleration normal to the path is 

o 


7 ? 
radius of curvature 


where a is the varying speed in the path. 
20. The logarithmic function and the hyperbolic functions have been defined 
in terms of e?. By means of these definitions, show that 


i 


2= log 7, = 2 arc tanh w. 


21. By aid of the Cauchy integral formula, compute the value of sin z at the 


. 1 T 
point p = 3? @=>s5° 


af Pen, f. a 


P 1- Bt 


CHAPTER V 
LINEAR FRACTIONAL TRANSFORMATIONS 


33. Definition of linear fractional transformation. In several 
of the illustrative examples of mapping thus far considered, the 
relation between w and z is such that a portion of the one plane 
maps into the whole of the other plane. For example, in the case 
of w = 2 one-half of the Z-plane maps into the whole of the W-plane. 
To each point in the W-plane there correspond then two points in 
the Z-plane, symmetrically situated with respect to the origin. We 
shall now consider the general linear algebraic relation between w and 
z. This relation may be written in the form 


az +p 
= 1 
rane (1) 
where a, B, y, 6 are constants, real or complex, and the determinant 
a £p 
AyaEO 


is different from zero. The relation (1) between w and z differs from 
those mentioned above in this respect that to each value of z there 
is, with a convention as to the point at infinity to be noted in the 
following article, one and only one value of w and vice versa. 

In our discussion of mapping (Chapter IV), we examined the 
relation between w and z by allowing one of these variables to de- 
scribe a given configuration and determining the corresponding 
configuration described by the other variable. The one configura- 
tion was then said to be mapped upon the other configuration by 
means of the given functional relation. In a similar manner a given 
region was frequently mapped upon another region. It was con- 
venient to represent the w-points in one complex plane and the 
z-points in another, employing for this purpose two distinct sets of 
codrdinate axes, one in each plane. In the present chapter we shall 
study the particular functional relation given in (1) from a somewhat 
different point of view. We shall represent both the z-points and 
the w-points in the same plane and refer them to the same set of 

156 


Art. 34.] POINT AT INFINITY 157 


coordinate axes. We shall attempt to find a path along which any 
particular z-point may be regarded as moving in passing into the 
corresponding w-point. To distinguish this process from that of 
mapping already discussed, we shall speak of it as a transformation 
of the complex plane. Since equation (1) expresses w as a linear frac- 
tional function of z, we shall call the transformation to be discussed 
a linear fractional transformation of the complex plane. When the 
relation given in (1) reduces to the form w = az + £, we shall speak 
of it as a linear transformation. If we think merely of the results 
of such a transformation, we may say that a given configuration is 
mapped upon the resulting configuration by means of a linear frac- 
tional transformation. 

34. Point at infinity. The general linear fractional relation 
given in (1) of the last article fails to establish a complete one-to-one 
correspondence between the finite points of the complex plane. 
For example, there is no finite value of w corresponding to the value 


6 Bye 
z= —-—. To make the one-to-one correspondence complete, it is 
¥ 


customary to assign an ideal point to the complex plane, called the 
point at infinity. To this artificial poimt may be associated the 
artificial number «. The complex plane is to be regarded then as 
closed at infinity; that is, the plane is to be considered as having but 
a single point at infinity. 


: 6 
We set up a correspondence between the point z= — and the 


ideal point w = », and likewise between the ideal point z= co 


a 


and point w = The one-to-one correspondence between the points 


of the whole complex plane by means of the general linear fractional 
relation becomes complete by the aid of this convention; that is, 
to each point that may be assigned to z, there is one and only one 
point that represents the corresponding value of w, and conversely. 
This convention concerning the point at infinity is very convenient 
in other connections. When we speak of the existence of the limit 
L f(z), where a is a finite number, it is implied that the function 


f(z) has the same limiting value as z approaches a through all pos- 
sible sets of values, that is, a limiting value that is independent of 
any changes in the amplitude of z — a as the modulus of z — a de- 
creases. Similarly, a function f(z) may have a unique limiting value 
as z becomes infinite through all possible sets of values; that is, it 
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may have a limiting value that is independent of any changes in the 

amplitude of z as the modulus of z increases beyond all finite bounds. 

It is convenient to denote this limit by LZ f(z) and to speak of z = 2% 
Z=0 y ‘ 


as the limiting point in this case. 
Let us now consider the limiting value of the function 


WD) = ie Ela eh 
~ yet 
as z becomes infinite and likewise that of the inverse function 
=O 
z= ——_., 
yw-—a 
as w becomes infinite. We have 
a az 8 ae 
Bos SD arches 
and 
pM ee eS 
Ww=00 w=0 YW—- a A/ 


These two results fully justify, in so far as the general linear fractional 
function is concerned, the convention introduced concerning the 
nature of the complex plane at infinity. 

If we think of the values of z as represented by the points of one 
complex plane, called the Z-plane, and the values of w as represented 
by the points of another complex plane, called the W-plane, then of 
course an ideal point at infinity must be associated with each plane. 

We may speak of the neighborhood of the point at infinity just 
as we speak of the neighborhood of any finite point. By such a 
neighborhood is understood the set of points exterior to any closed 
curve, for example the set of points exterior to a large circle about 
the origin as a center. We say also that a given region contains the 
point at infinity if it consists of all the points exterior to a given 


2 eons Te ‘ 
closed curve. In this connection the substitution z = — is of special 
Z 


importance. By this transformation every finite point except the 
origin goes over into some finite point of the plane. The neighbor- 
hood of the origin corresponds to the neighborhood of the point at — 
infinity, and the origin itself may be said to correspond to the point 
at infinity. 

This relation between the point at infinity and the origin affords 
a convenient method of investigating the properties of a function 
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f(z) for values of z in the neighborhood of the point z = #. To do 
so we replace in f(z) the independent variable z by 5 and discuss the 


properties of the transformed function ¢(2’) in the neighborhood of 
the point 2’ = 0. If the limit L ¢(z’) exists and is equal to A, then 
2'=0 


we say that f(z) has the value A at the point at infinity, and we 
a A= L f(z) =f»). 


If ¢(z2’) is continuous for 2’ = 0, we say that f(z) is continuous at 
infinity. If 2’ = 0 is a regular point of ¢(z’), we say that z = is 
a regular point of f(z). As z becomes infinite the function f(z) may 


approaches the’ 


ie. 
iC) 


also become infinite and in such a manner that 
limiting value zero. We say then that 
f(~) =o. 


35. The transformation w = «+ 8. Before discussing the gen- 
eral transformation (1) of Art. 33, we shall consider some special 
cases that are of particular importance and first of all let us consider 
the transformation 


W = 2-6. 


To obtain this function from the general case, put a = 6 = 1 and 
y = 0. This relation indicates that to each number z there is added 
another number 6. From the geometric interpretation of addition 
it will be seen that the z-points are transformed into the correspond- 
ing w-points by moving each z-point in the direction of the line 
joining the point 6 with the origin and to a distance equal to | 6 |. 
In what follows, it frequently will be convenient to describe a trans- 
formation of the complex plane as a continuous motion, meaning 
thereby that all of the points of the plane are considered as moving 
continuously from their initial to their final positions along a system 
of curves. The motion just described is called a translation. It 
will be seen that a translation of the complex plane leaves the form 
and size of any configuration unchanged; that is, it transforms any 
curve into a congruent curve. 

36. The transformation w= az. As already stated a may be 
a real number or a complex number of the form 


a = p(cosé + isin 6). 
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We shall understand more easily the full significance of this trans- 
formation by considering first some special cases. Let us suppose for 
example that @ = 0; that is, let a be considered as a real positive 
number. The result is simply a multiplication of the modulus of z 
by the number p = |a|. Geometrically, this special form of the gen- 
eral transformation may be regarded as moving every point along the 
line passing through the given point and the origin, that is, along the 
half-ray from the origin on which it ies. The point moves out or in 
along this half-ray according as p is greater than or less than unity. 
This change affects every point of the complex plane, and we may re- 
gard the transformation as representing a motion of the points of the 
plane. We shall refer to such a motion as an expansion or stretching. 
We are concerned here with the path by which the variable point 
may be regarded as passing from its initial to its final position, rather 
than the velocity with which this motion takes place. The number 
p is called the modulus of expansion. 

The significance of p may also be seen from a consideration of the 
derivative. As we have seen, | D.w | gives the ratio of magnification 
that takes place in infinitesimal ele- 
ments as z varies. We have 


| Daw | = | D-(az) | = |a| = p; 


that is, any configuration in the com- 
plex plane is magnified in this ratio. 
Suppose that we have a system of 
> concentric circles about the origin and 
a pencil of rays passing through the 
origin. Each half-ray remains un- 
changed as a whole, although any 
particular point upon it is moved out 
or in according as the ratio of expan- 
Fie. 67. sion is greater or less than unity. 
By this transformation, any portion 
of the plane inclosed by two half-rays and two concentric circles is 
transformed into another portion bounded by the same two half-rays 
and the concentric circles into which the first two are transformed; 
for example, the region (2), Fig. 67, goes over into (3). Each dimen- 
sion of the region has been multiplied by the number p. 
Suppose we now allow @ to vary, while p remains constantly equal 
to one. Then by the laws of multiplication already established, we 
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obtain from any value z the corresponding value of w by adding to 
the amplitude of z the angle 6. Inasmuch as p = 1, no magnification 
takes place and the resulting configuration is obtained by revolving 
each point z about the origin counter-clockwise through the angle 6. 
Considered from the standpoint of the geometry of motion, this 
transformation may be regarded as a rotation of points of the plane. 
Such a motion converts the region (8), for example, into the region 
(4), as indicated in Fig. 67. The concentric circles about the origin 
then become the lines of motion. Each ray is converted into another 
ray at an angular distance 6 from it. 

Let us now consider the general case where a is any complex num- 
ber. Both p and 6 may have any constant values. We have then 
a combination of the two special cases already considered; that is, 
the point is rotated about the origin through the angle @ while it is 
at the same time moved along the ray on which it is rotated; for, if 
we have 

a = p(cosé+7sin 8), 
z=r(cos¢+7sin¢), 


then by multiplication we get 
w = rp(cos6 +¢+isind+¢); 


that is 
mod w = 1+ p, ampw=60+ ¢. (1) 


The result of the transformation w = az may be obtained, as we 
shall now show, by regarding each point as moving along a logarithmic 
spiral whose asymptotic point is at the origin. For this reason it is 
convenient to describe the given transformation as a logarithmic 
spiral motion about the origin. 


Let 
w = r'(cos ¢’ + isin ¢’) 


be the point into which the point 
z=r(cos¢+isin @) 


is mapped by means of the given transformation w = az. From (1) 


we then have 
r=fP-p, ¢ =o+8. 


A logarithmic spiral passing through z may be written in the form 


r = cer, 
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In order that this same curve shall also pass through w, it is sufficient 
that 


r’ = cere’ 
= celor) 


cekeek? 


ll 


ll 


tos 
that is, it is sufficient that 
T =Pep— Tre", 
or 
log p 
Be 


Hence, if the logarithmic spiral whose equation is 
(2) 


passes through the point z it also passes through the point w into 
which z is mapped by the given transformation. Consequently, 
the given z-point may be regarded as passing into the corresponding 
w-point by a motion along this spiral. 

As p and @ are both determined by a, it follows that a determines 
the particular system of spirals given in (2) along which any z-point 
may move into the corresponding w-point. The arbitrary constant 
c is the parameter of the system, and to each point z there corre- 
sponds one and only one value of c and hence one and only one 
logarithmic spiral of the system. The entire plane is filled by this 
system of curves, coiled up within each other. 

37. The transformation w = az+8. The significance of this 
transformation may be most readily seen by regarding it as a com- 
bination of the two preceding transformations. Let a logarithmic 
spiral motion take place about the origin, and then let the result be 
translated by adding the number 6. Analytically, this result is 
equivalent to introducing the auxiliary variable 2’, defined by the 


equation a (1) 
and following this transformation by that of 
w=2+8. (2) 


The given transformation is therefore equivalent to a logarithmic 
spiral motion, that is a rotation and a stretching, followed by a trans- 
lation, 


ce # a 
/ “ 
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The question naturally arises as to whether we may not reverse 
these two operations; namely, whether we may not take first the 
translation and then the logarithmic spiral motion. Analytically, 
the relation w = azg+ 8 may be obtained by first introducing the 
auxiliary variable 


E, (3) 


and then putting 
= gual (4) 


The amount of the rotation and stretching, that is the extent of the 
logarithmic spiral motion, given by (4) and (1), is determined by the 
complex constant a. Since the value of a is the same in both equa- 
tions, the motion is the same. The translations defined by (8) and 


(2) are, however, different. Hence, we see that _a logarithmic spiral _ 
motion and a translation are processes that can not be interchanged.—. 
As we have seen, the processes of rotation and stretching are-on the _ 


other hand interchangeable processes. 

Whenever we apply the transformation w = az + B, there is one 
point of the plane that remains unchanged; that is, there is one in- 
variant point. Wecan readily locate this point, since in this case the 
z-point is identical with the corresponding w-point. Let us therefore 
write 


z2=az+8, 


and from this equation determine the value of z. 
Then, for a ~ 1, we have as the invariant point 


The given transformation represents a logarithmic spiral motion 
about this invariant point. For, referring the points of the plane 
to the invariant point as the origin, that is putting 


/ 6B / i} 
ahah eeayre Ra, sees 
we have 
w+ P= a(e+ 2 -\ +0, 
a a 
or 
w = az! (5) 


5) 
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This equation represents a logarithmic spiral motion about the new 
origin, that is about the invariant point 


As we have already seen, a logarithmic spiral motion converts a 
given configuration into a similar configuration. The amount of 
rotation that takes place in the logarithmic spiral motion represented 
by the transformation w = az + 6 is given by the amplitude of_a. 
The magnification that takes place in the elements of the configura- 
tion by means of this transformation is determined by | a@| = p; 


for, we have 
| Dw | = | Daz + 8) | = |a| =p. 


Since all elements are magnified by the same amount and otherwise 
the configuration remains unchanged except in position, we may 
conclude that the general linear transformation 


w=az+ 8B 


transforms the complex plane into itself in such a manner that any 
given configuration is converted into a similar configuration whose 


B 
———, and whose 
CX 


position is determined by a and the constant i 


relative size is determined by | @ | alone. 

Conversely, we may show that any transformation of the plane 
into itself which preserves the similarity of the figure is a linear 
transformation of the form w = az+ 8B. Suppose that we have given 


© two similar plane figures. Since a linear function of the form under 


discussion has two arbitrary constants, a function of this kind can 


always be found that will transform any two distinct points 2, 22 of 


the one configuration into any two given distinct points, say the 
points wi, w2, of the second configuration homologous respectively to 
21, 2. For the determination of these two constants we have the two 
equations 


Wi =" 21 == 2; 
W2 = az + 8B, 
whence, we obtain 
Ww, 1 2. Wi 
We 1 _ | 22 We 
21 z eat 
2 1 Z 1 | 
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The functional relation that transforms the two points 2, 2. into the 
two points w), we is therefore 


Wy 1 | 1 Uy, 
ae We it 22 We 
w= Za 1 ae 21 1 | (6) 
£2 1 22 1 


The amount of rotation and stretching that takes place in this trans- 
formation is determined by 


Wi, il 

We 1 Wi — We. 
a ) 

2 | Z1 — 29 

rant 


the rotation is given by the amplitude of this ratio, that is by 
amp (wy — We) — amp (& — 2), while the modulus of this quotient 
gives the ratio of magnification of the element 2 — 2. 

In addition to this rotation and magnification, the transformation 
given by (6) involves a translation of the points of the complex plane. 
The amount and direction of this translation is determined by the 
quotient 
a Wi 
&2 We 
rAl 1 | 
a) i 


7 W 


Since the two configurations are similar, the amount of rotation, 
stretching, and translation necessary to transform any element 2; — Ze 
into its corresponding element w; — we will also transform any other 
element into its corresponding element. The required transforma- 
tion is fully determined when the values of a and £ are expressed in 
terms of known values, and consequently equation (6) gives the trans- 
formation sought. ‘ 

If it is known that there exists a relation between w and z which 
is holomorphic in a certain portion of the complex plane and if by 
means of this functional relation a given configuration is transformed 
into one similar to it, then it is possible to show by a consideration of 
the derivative that this relation is linear. As already pointed out, the 
ratio of magnification that takes place in passing from the Z-plane 
to the W-plane by means of a transformation w = f(z) is given by 
the modulus of Dw, while the amplitude of this derivative gives the 
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rotation that takes place. In the case under consideration both the 
ratio of magnification and the rotation are constants for the various 
values of z and hence the derivative itself is constant, say equal to a. 
Writing 

Dw=a, 
we have upon integrating, 


w= az-+ B, 


where 8 is an arbitrary constant of integration. This constant of 
integration represents a translation in the plane, and by its proper 
selection the points of the one configuration finally go over into the 
corresponding points of the similar configuration, with which the 
desired conclusion is established. 


38. The transformation w = 


C08 


If in the general linear fractional 


transformation, we put a = 6 = 0,8 = y = 1, we have a very im- 
portant special case, namely, 


1 
w=- 
Z 


We shall now consider some of the properties of this transformation. 
If we write z in terms of polar codrdinates, we have 

2 = p(cosé + tsin 8). 
Hence, we may write 


w= = : 
z p(cosé+7sin@) 
= ; {cos (—6) + 7sin (—@)}. 
Putting w = p'(cos 6’ + 7sin 6’), 
we have [yee -, 6) = 9 


Geometrically, we may consider this transformation as made up 
of two parts. Let the point P (Fig. 68) represent any complex 
number z Draw through P the line OP passing also through the 


origin. Upon OP find a point P’ so that OP’ = p’ = x The loca- 
p 


tion of this point may be then considered as the first step in the 
geometrical interpretation of the given transformation. This oper- 
ation is called geometric inversion. The second step consists in 
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rotating the point P’ about the axis of reals until it again falls into 
the plane of the paper, that is through an angle of 180°. We shall 
call this process a reflection upon the axis of reals. The given trans- 
formation may be called a reciprocation and consists of a geometrical 
inversion followed by a_ reflection 

upon the axis of reals. Y 

We shall first consider the prop- 
erties of geometric inversion. This 
process is one that belongs to ordi- 
nary metrical geometry. If we draw 
about the origin a circle of unit radius, 
any point upon this circle will invert 
into itself, that is it remains invariant 
by the process of inversion. Every 
point within this unit circle is con- 
verted by this process into a point 
lying without it and vice versa. Every 
line drawn through the origin is converted into itself, except that the 
points are rearranged upon the line. The points very near to the 
origin are converted into points lying at a great distance and con- 
versely. As we have already seen, it is convenient to regard the 
complex plane as closed at infinity, that is, as having a single point 
at infinity. This point at infinity inverts into the origin and vice 
versa. 

To determine the character of the configurations into which con- 
figurations other than straight lines through the origin are inverted, 
we shall now turn to the analytic side of inversion. Suppose that by 
inversion z is changed into 2’. Since this process differs from the 


transformation w = : in that the reflection upon the axis of reals is 
omitted, we then have 
g= * (c080 + 7 sin @) 
p(cos @ + 7 sin 6) 


2 


_ tt 
_@ry, 
= z+ y? 
Putting 2’ = x’ + wy’, we have 
' ,_ etry x ny 
oe ay e+ y ‘Pty 
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or equating the real parts and the imaginary parts, we get 


jee Hb mae Yy : 1 
US ey? Y r+y (1) 


Solving these equations for x and y, we have 
if / 


x as y 
Tye UE ms 
These are the values of x and y which, if substituted in the equation 
of a given curve, give the equation of the inverse curve. 


Ex. 1. Find the curve into which a straight line not passing through the origin 
is mapped by geometric inversion. 
The equation of the given line is 


Az+By+C=0, C70: 
Substituting for x, y their values from (2) we obtain 
Az’ By’ 

zy aie y” ae a2 a y” 

C(2? + y”) + Ax’ + By’ = 0. 


This is the equation of a circle passing through the origin. The equation of the 
tangent to this circle at the origin is 


+C =0, 


Aw + By =0, 


which is a line parallel to the given line. Therefore, a system of parallel lines in- 
verts into a system of circles having a common tangent at the origin. For C = 0, 
we have the special case of a line through the origin already discussed. 

Ex. 2. Find the curve into which a circle not passing through the origin is 
changed by inversion. 

The equation of the given circle is of the form 


eye age 2 fy C = 0, 


Substituting the values of x, y from (2), we have 


2 y 2 ga 2 fy! S 
(a/? + y/?)2 ais (a? a y?)? Ir a’? + y” ar a2 mm y” —- (6; = 0, 
or CG =p yy) 29a 2 gy! al =), 


which is the equation of a circle not passing through the origin. In the special 
case where C = 0, we have a straight line not passing through the origin. If 
we now think of a straight line as a circle of infinite radius, we may then make 
the general statement that by geometric inversion every circle is converted into 
a circle. 
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The angle at which two curves cut each other is preserved by 
geometric inversion, but the direction of the angle is reversed; that 
is, the angle is measured in the opposite direction after inversion. 
We shall first show that this statement holds when one of the given 
curves is a straight line passing 
through the center of inversion. 
Let A, A’, B, B’ (Fig. 69) be two 
sets of points which are inverse 
with respect to O. Lines through 
A, A’ and B, B’ pass through O. 
Moreover, we have 

OA+-OA’ = OB. OB’ = 1. 
The angle at O is common to the 
two triangles OAB and OA'B’, 
and as the sides of the common 
angle are proportional, the two 
triangles are similar. Conse- 
quently, 

LOAB = 2 OBA’. (3) 
If now we think of the points 
A and B as situated on some curve, the points A’ and B’ will lie 
upon the inverse curve. Let the point B approach A as a limit. 
Then the point B’ approaches the point A’ along the corresponding 
curve. The lines AB and A’B’ become the tangents AT and A/T’ 
to the two curves at the corresponding points A and A’, respectively. 
In the limit, therefore, the angle OB’A’ becomes the angle vertical to 
AA'B’ and hence equal to it. From (8) we then have in the limit 

LOA AAT 

The line OA is its own inverse since it passes through the center of 
inversion, and by hypothesis the curve A’B’ is the inverse of the 
curve AB. By inversion the angle that the tangent to the curve AB 
makes with OA, measured in a clockwise direction, namely ZA’AT, 
is changed into the equal angle ZAA’T’ made by the tangent to 
the inverse curve A’B’ with OA, measured in a counter-clockwise 


oO 


Fig. 69. 


direction. 

Suppose we now consider the case of any two curves intersecting 
in a point A. The inverse curves will intersect in a point A’ which 
is the inverse of A. To extend the argument to this case, draw a 
straight line through A, A’. It will pass through the center of in- 
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version. Consider the angle made by the tangent to each curve with 
this line at the point of intersection. From the foregoing discussion 
this angle is preserved in magnitude but reversed in direction by in- 
version. By combination of these angles we have the desired result; 
that is, by geometric inversion angles are preserved in magnitude but 
reversed in direction. 

Inversion is therefore a conformal transformation but with a 
reversion of any given angle. Reflection upon a straight line is 
likewise a process that involves a reversion of angles. As we have 


: ie nee : 
seen, the transformation w = Zs made up of a geometric inversion 


and a reflection upon the axis of reals. When we combine these two 
processes we have a process in which these two reversions annul each 


: ite 
other. Hence, we can say that the transformation w = 738 conformal 


without reversion of angles. 
We have thus far confined our discussion to geometric inversion 
with respect to the unit circle, because of the fact that inversion with 


respect to this circle is involved in the transformation w = = This 


restriction, however, is not essential to the geometry of inversion. 
We may define inversion with respect to a circle of radius k by merely 
replacing the above condition pp’ = 1 by the more general one 
pp = k?. To show that the same geometric properties hold for the 
general case suppose we think of the whole plane as being so expanded 
or contracted about the origin that the unit circle changes into the 
required circle of radius k. Any two corresponding points P, P’ 
with respect to the unit circle become two corresponding points Q, 
Q’ with respect to the required circle. If p1, px’ are the radii vectores — 
of the points Q, Q’, then we have 


pip = kp+kp" 
= k?pp' 
= k, 
as was required. 

Two corresponding points with respect to a circle of inversion are 
called conjugate points. The conjugate of any particular point with 
respect to a given circle may be found geometrically as follows. Draw - 
two tangents from the given point A to the given circle (Fig. 70). 
Join the given point with the center O of the circle. Connect the 
points of tangency B and C. The intersection of the chord BC 
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and the line OA gives the required point A’. For, from the figure, 
the triangle AOB is a right triangle, having a right angle at B, and 
hence we have 


OB? = A’0- AO, 


showing the two points A and A’ to be conjugate points. 

The foregoing construction holds when the given point A lies 
without the circle of inversion. If the given point lies within the 
circle of inversion the conjugate point may be found as follows. 
Connect the given point A with the center O of the circle; through 
A draw a line perpendicular to AO, and at the points where this 


Fic. 70. laine, Al, 


perpendicular intersects the circle draw tangents to the circle. The 
point of intersection of these tangents gives the required point A’. 
The proof is similar to that in the previous case. 

The following theorems give additional important properties of 
inversion. 


TueoreM I. Jf a given circle cuts the circle of inversion in two 
points A and B, then its inverse cuts the circle of inversion in the same 
two points. 


The truth of this theorem is seen at once from the fact that the 
points of intersection of the given circle with the circle of inversion 
are points on the circle of inversion and therefore necessarily invert 
into themselves. It does not follow, of course, that the given circle 
as a whole inverts into itself. 


TueoreM II. If a given circle cuts the circle of inversion at a given 
angle, then its inverse cuts the circle of inversion at the same angle. 
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The theorem follows from the fact that the magnitude of an angle 
is preserved by the process of inversion, and hence the angle at 
which the given circle cuts the circle of inversion remains unchanged 
in magnitude. It is, however, reversed in direction. 

Corotuary. If a given circle cuts the circle of inversion at right 
angles, then the given circle is identical with its inverse and any straight 
line through the center of inversion cuts the given circle in two conjugate 
points. 

If the given circle cuts the circle of inversion at right angles, then 
by Theorem II its inverse also cuts the circle of inversion at the 
same angle, and since through two points on a circle but one orthog- 
onal circle can be drawn, the given circle must be identical with 
its inverse, as the theorem requires. The only change that takes 
place in the given circle is that the portion of the circle without the 
circle of inversion becomes after inversion the portion within the 
circle of inversion. Since the given circle inverts into itself, it 
follows that any straight line passing through the origin cuts the 
given circle in conjugate points. 


TuHeEoREM III. Given a pair of conjugate points with respect to a 
fixed circle. Any circle through these points inverts into itself with 
respect to the fixed circle and cuts that circle at right angles. 


One of the two conjugate points must lie within and the other 
without the circle of inversion. Consequently, the given circle cuts 
the fixed circle and the two points of intersection invert into them- 
selves. These points of intersection and the two given conjugate 
points make together four points that the given circle and the in- 
verted circle have in common. Hence, the two circles must coincide. 
By Theorem II the given circle and the inverted circle cut the circle 
of inversion at the same angle but reversed in direction. But as the 
inverted circle is identical with the given circle each must then cut 
the circle of inversion at right angles. 


THEorEM IV. Given a system of circles such that each circle passes 
through two given points and intersects a fixed circle at right angles. 
The two given points of intersection of the system of circles are then con- 
gugate points with respect to the fixed circle. 


Let the circles of the system be inverted with respect to the given 
fixed circle M. By the corollary to Theorem II, each circle of the 
system inverts into itself. It is sufficient for our purpose to con- 
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sider two circles C;, C2 of the system. The point P of intersection 
lies on both Ci, and Cy. After inversion with respect to M, the point 
P must go into a point within M which likewise lies upon both Ci 
and Cy. It must, therefore, invert 
into the second point of intersec- 
tion of these two circles, namely 
P’. Hence the theorem. 


THEoREM V. Given two conju- 
gate points with respect to a given 
circle. If the circle is inverted with 
respect to a fixed circle, the given 
conjugate points invert into conju- 
gate points with respect to the in- 
verted circle. Fie. 72, 


Let M be the given circle and P and P’ two conjugate points with 
respect to it. Suppose the circle M inverts into the circle M’ with 
respect to the fixed circle C, and the points P, P’ invert into Q, Q’, 
respectively. It is required to 
show that Q, Q’ are conjugate 
points with respect to M’. Draw 
any two circles through the con- 
jugate points P, P’; these circles 
cut the given circle M at right 
angles. These angles are pre- 
served by inversion. Hence, the 
circles through the given conju- 
gate points and cutting M at 
right angles invert into circles 
cutting M’ at right angles. Since 
the inverse points of P, P’, 
namely the points Q, Q’, must 
lie at the respective intersections 
of these inverted circles, it fol- 
lows from Theorem IV that the points Q, Q’ are conjugate points 
with respect to the circle M’. With this our theorem is demon- 
strated. 


Fig. 73. 


az +B 
yz + 8° 
shall now consider the general case of a linear fractional transfor- 


We 


39. General properties of the transformation w = 
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mation. We impose the condition upon the four constants a, B, y, 6, 
that 
of) = ad — Br #0. (1) 
y 6 


If this determinant were equal to zero, we should have - = . and the 


given relation between w and z would then reduce to 


a 
Ub) =) 
Ve 


and all points in the Z-plane would correspond to the same point 
“in the W-plane. By imposing the condition (1), we are able to 
Y 


set aside this trivial case. 
The general linear fractional relation may be decomposed into the 
three following special cases, namely: 


6 
1) 2 =2+-, 
(1) So 
pe AN 
(2) z Ree! 
(3) hee CA ane 
aie af 


This statement can be easily verified by making the substitutions 
indicated and thus obtaining the general linear fractional relation 
between w and z. Geometrically, we may then consider the general 
linear transformation as made up of the following: 


(1) a translation, 

(2) a geometric inversion followed by a reflection on the axis of 
reals, i 

(3) arotation and a stretching followed by a translation; or what 
is the same thing, a logarithmic spiral motion about the point left invari- 
ant by the third of the foregoing transformations. 


As we have already considered each of these operations, we. can 
now formulate some of the general properties of a linear fractional 
transformation. Among these properties are: 


TuHeorEM I. Conjugate points with respect to a given circle are 
transformed by the general linear fractional transformation into conju- 
gate points with respect to the transformed circle, 
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We have seen (Theorem V, Art. 38) that conjugate points with 
respect to a given circle remain conjugate points by inversion. Since 
reflection upon the axis of reals does not disturb the relative position 
of points of a given configuration except to reverse the direction of 
the angles, we may conclude that the theorem holds for the special 


transformation w = 5 that is, it holds for the transformation (2) 


given above. It also holds for the transformations (1) and (3) since 
by both these transformations the similarity of the configuration is 
preserved. As the general linear transformation is decomposable 
into these three special transformations, for each of which conjugate 
points remain conjugate points, the theorem follows as stated. 


THEOREM II. Any given configuration is mapped conformally, with- 
out reversion of angles, by means of a linear fractional transformation. 


This theorem follows from the fact that each of the three simple 
transformations into which the general linear fractional transforma- 
tion may be decomposed is such that the conclusions stated in the 
theorem hold. 

Since w is holomorphic for all values of z in the finite region except 


ot ce - this same result may be obtained independently by the 


consideration of Dw. We have 


safe ale 
aCrEt), 
But by hypothesis 
abd — Py € 0. 


Hence, by the theorem of Art. 27, the desired result follows. 


THeorem III. By the general linear fractional transformation, 
circles are converted into circles. 


It is here understood that a straight line is to be considered as a 
circle of infinite radius. The truth of the theorem follows from the 
fact that it holds for each of the three special transformations into 
which the general linear transformation may be decomposed. 


THrorEeM IV. The general linear fractional transformation leaves 
two points in the complex plane invariant. 


To establish this theorem, we proceed as follows, If any point 
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z of the complex plane is transformed into itself by means of a linear 
fractional transformation, then we must have 


ee eae 
ye + 8° 
that is 
y2+(6—a)z—B=0. (2) 


This equation is a quadratic and has therefore two roots, namely: 


CSE i ACEO Uae oc) ee (cit eC Ee 
5 27 ae 27 


The two points 21, 2. remain unchanged by the general linear frac- 
tional transformation, since each is transformed into itself. 

These invariant points may be finite and distinct, finite and co- 
incident, one finite and the other infinite, or finally, both may be 
infinite. The analytic conditions for these various cases may be 
expressed in terms of the coefficients of (2). If the discriminant 
vanishes, that is if 

(a — 82 +4 By =0, 


the two roots of (1), that is the two invariant points, are coincident. 
If in addition we have y = 0, it will be seen from (1) that both roots 
of (1) become infinite; that is, both invariant points coincide at the 
point infinity. If y ¥ 0 the two points 21, lie in the finite region of 
the plane. 


If we have 
(as 6)? +- 4 By ~ 0, 


the roots of (1), that is the invariant points, are distinct. If in 
addition y = 0, one of the roots of (2) becomes infinite and hence 
one of the invariant points is at infinity. It will be observed that 
when y = 0 the linear fractional transformation reduces to the 
general linear transformation. 

The general linear fractional transformation contains four con- 
stants; but as we may divide both numerator and denominator by 
one of these without affecting the transformation, we have only 
three independent constants. We may state the following theorem. 

THroreM V. There is always one and only one linear fractional 


transformation that transforms any three distinct points into three given 
distinct points, 
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Let 21, 2, 23 be the three distinct points that are to be transformed 
into the given distinct points wi, we, w;. We must then have the 
three relations 


az, + B 
La <9 k= a 33 
is yer + 6 


that is, 
ywrer + dw, — az — B= 0. (4) 


We have given three linear homogeneous equations in the four 
unknowns a, 6, y, 6. The condition that these equations have one 
and only one solution other than a = 8B = y = 6 = 0 is that the 
matrix of the coefficients, or its equivalent matrix, 

Wi W, 2% 1 
Wee, We 22 1 (5) 
| W323 W3 23 il 


shall be of rank three;* that is, that not all of the determinants 
formed from this matrix by dropping one column shall vanish. 

We shall show that this condition is satisfied by showing that the 
two determinants 


Ww, % 1 Wie, & 1 
Ay = | We &2 it ; Ao = | Weg 2 il 
W3 23 1 W323 23 1 


can not vanish simultaneously. Expanding each determinant in 
terms of the elements of the first column, we have 

Ay = Wi(@ — 23) — We(z1 — 23) + ws(ei — 22), 

Ao = Wi21(Z, — 23) — Wee2(Z1 — 23) + wse3(21 — 22). 


Multiplying the first of these identities by 2 and subtracting the 
second from that result we get . 
aA; — Ap = —We(e — 2) (21 — 23) + wa(er — 2) (21 — 2s) 
= (Ws — We) (21 — 22) (z — 23). (6) 


Since the points 2, 22, 2; and w), Ww, ws are distinct, it follows that (6) 
can not vanish. Hence, we have 

Ai — A, #0, 
and consequently the two determinants A;, A, can not vanish simul- 


taneously. 
* See Bocher, Introduction to Higher Algebra, Art. 17. 
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Since the equations (1) have one and only one solution other than 
a=B=y=6=0, it follows that any three ratios of these un- 
knowns are uniquely determined. Consequently there is one and 
only one transformation of the required type which transforms the 
three distinct points 2, 2, 23 into three distinct points w), w2, ws. 
Hence the theorem. 

Remembering that three distinct points definitely determine a 
circle we may now say that any circle can be transformed into any 
other circle, or into itself, by means of a linear fractional transfor- 
mation. Since the three points upon the given circle can be selected 
in an infinite number of ways, it follows that the required transfor- 
mation can be made in an infinite number of ways. 

If it is desired to transform four points into four points, we must 
have an additional condition satisfied. If we have given any four 
points 2, 2, 2, 24 the ratio 


Piller eo en Velie 4 
23 & ; Counc 


is called the anharmonic ratio or cross-ratio of these four points. 

The following theorem gives the condition which must be satisfied 
in order that any four distinct points 2, 2, 2s, 2: may be trans- 
formed into four distinct points w1, We, ws, ws by a linear fractional 
transformation. 


THeorEM VI. The necessary and sufficient condition that any four 
distinct points of the complex plane may be transformed by a linear 
fractional transformation into any other four distinct points of the plane 
as that the anharmonic ratio of the two sets of points is the same. 


Let the four given points be 2, 22, 23, 2, and let it be required to 
transform these points into the four distinct points w), we, ws, ws. 
If the four given z-points are transformed by a linear fractional 
transformation into the four given w-points, then we must have the 
four relations 


(Day 3 ——— k= 1 2, 3, 4, (7) 
I 


or 


YWree + SWE — a2 — B = O. 


The necessary and sufficient condition that these four equations have 
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a solution other than a = 6B = y = 6 = Ois that the determinant of 
the coefficients shall vanish; that is, that we have * 


Wiz, Wy —% —l W121 W, 2% 1 
Wet, We —% —1| _ | Uure wal) _ 0 
Wits Ws —2 —1| | wees ws 231) 
Wats We — 24 — 1 Wa4 Wa 24 1 


Expanding this determinant in terms of the last two columns by 
Laplace’s development, we have 


ale 23 tog oe Pin Lilies 1 fetes + Ay AL|| ey ha 
Zo ay hate eel) here = ayol le lege time ae 
at Zan ll 1 Fee = 1 il al Heh 
etic" a al Derr lie ee 
Making use of the identity 
ral 1 San 22 il ral il £2 1 | = 
22 1 al 23 ee Ay Ih 24 il 23 I Fi 


we may write the bee relation in the form 


(Z1 — 2) (23 — 24) | (wWsws + WiWe) — (wes + wyws) } 
+ (z — 24)(Z. — 2s) | (wews + wiws).— (wows + W1Ws) } 
= — (4 — 22)(23 — 24)(W1 — Wa) (Ws — Wa) 
i+ (1 — 24) (23 — 2)(wi — We) (ws — ws) = 0, 
whence we get 
2 a STEN eS Ee US EP 
LEE) TE el ee ee hye 


that is, the anharmonic ratio of the four points 4, 22, 23, Z4 1s the same 
as the anharmonic ratio of the four points w1, We, ws, ws As this 
result presents the necessary and sufficient condition that the equa- 
tions (4) have a solution other than a = B = y = 6 =0, it follows 
that this result also gives the necessary and sufficient condition that 
the one set of four points may be mapped by a linear fractional 
transformation into the other set. Consequently, the theorem fol- 
lows as stated. 

It may be remarked that as a consequence of the foregoing hearete 
a linear fractional transformation has the property that. it leaves the 
anharmonic ratio of any four points invariant. 

If the order in which the four given points are taken is changed 


* See Bécher, Introduction to Higher Algebra, Art. 17, Theorem 3, Cor. 2. 
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then the anharmonic ratio may be changed. Of the twenty-four 
ways in which four points may be selected, only six give distinct 
anharmonic ratios. If we denote any one of these ratios by ), then 
the six are given by * 

1 1 nN eras 


Pag coe ee, oer % 


That \ is in general a complex number follows from the fact that 
it is defined as the ratio of such numbers. It may therefore be repre- 
sented as a point in the complex plane. Since any two of these six 
anharmonic ratios are linearly related, the geometric interpretation 
of these relations furnishes an interesting exercise in the application 
of the principles developed in this chapter. 

If \ describes a circle in the complex plane, then the points repre- 
senting respectively the various ratios likewise describe circles. 
Moreover, if \ is represented by points within a given region bounded 
by a circle, it follows that the other ratios are represented by points 
within regions bounded by circles. It is possible to so choose the 
region for \ that the entire complex plane shall be filled by the regions 
of the six ratios without overlapping. The relative position of these 
regions may be found as follows. With x = 0 and xz = 1 as centers 
describe two unit circles (Fig. 74). These circles intersect at the 
points whose codrdinates x, y satisfy the two equations 


ea P= 1, 
@—1?+y=1, 
By solving these equations, we have 
os, Yee ee 2: 
The points of intersection are, therefore, —w? and —w, where 


Si biv3 
2 


is one of the cube roots of unity. If takes the values in the unshaded 
; a Ik : 
region (0, 3, —w?), Fig. 74, then x 38 confined to the region found by 


inverting this region with respect to the center 0 and reflecting the 
result upon the real axis. The numbers \ and 1 — \ are symmetrical 
: nda! : 1 
with respect to the point 5° The region for T— x may be obtained 
* See Scott, Modern Analytical Geometry, p. 37, 
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from that for 1 — by inverting this region with respect to the circle 
about the origin as a center and reflecting the result upon the axis of 
reals. From the region for x we may find the region for x x J , be- 


‘ 


| | 


; 


>| 


Fie. 74. 


cause these two numbers are symmetric with respect to 4. In this 
way we find the regions described by the various complex numbers 
as shown in the figure. If is represented by the points of a shaded 


region, then the points representing the other five anharmonic ratios 
are confined to the shaded regions 


There are two important special cases of anharmonic ratios 


One 
of these cases is obtained if \ has such values that \ = : and hence 
X= +1. For \ = —1, the four points are said to pe parmonies 
The six ratios are then cgteeidenten in pairs. “2 


“4 Af Wf 
i j 
When 2 is a complex number, as in the present discussion, it 
is possible for three of the anharmonic ratios to be equal. For ex- 
ample, it will be seen from the figure that the three ratios \ 


alee 
eo: 
moge pity become equal at the common point 
pee ert Vo) 


2 
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; 5 dl! nN 
The reciprocals of these values, that is x? 1-4, emt then become 
equal at 
ees 


1149) 


2 


This equality leads to the second special case of anharmonic ratios; 
for, putting 


il A-1 
ea Cae 
we have 
VEX fa) 
whence 
1+iv3 
i = a al: 


which are the two imaginary cube roots of —1. When X has either 
of these values the four points are said to be equianharmonic.* 

2 & If the variables and constants involved in a linear fractional trans- 
| formation are all real, the property that anharmonic ratios are pre- 
* served is commonly spoken of as a projective property; in fact this 
property may be made the basis of projective geometry. The rela- 
| tion between anharmonic ratios and linear fractional transformation, 

as established in Theorems V and VI, suggests the extension of projec- 
tive geometry to the field of complex numbers. In the one case the 
single variable x takes the totality of real values and the ideal num- 
ber #, represented by the points on a straight line including the 
point at infinity. As a result, we have the projective geometry of a 
straight line. In the other case the single variable z takes the total- 
ity of complex numbers and the ideal number %. Since but a single 
variable is involved this aggregate is sometimes spoken of in pro- 
jective geometry as the complex line. This extension of projective 
geometry to the realm of complex numbers leads to the consideration 
of the theory of chains,} but, as no use will be made of this theory in 
the present volume, it will not be considered here. 

In this connection it is also of interest to point out the general 
relation between the totality of linear fractional transformations and 
the theory of groups. We have for example the following theorem. 

* For a more extended discussion of these cases see Harkness and Morley, 
Treatise on the Theory of Functions, p. 21, et seq. 


t For a discussion of this subject, see J. W. Young, Annals of Math., Vol. II, 
pp. 33-48. 
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TuHrorEM VII. The system of linear fractional transformations 
possesses the group property. 


The statement contained in the theorem involves the condition 
that if a linear fractional expression in one variable is subjected to a 
linear fractional transformation, the resulting expression is a linear 
fractional expression. Given the relation 


Gig ae pi a Bi 
=o #0. 
wie 104 Y1 1 
Suppose 2’ is associated with z by the relation 
! anz + Be ay Be 
= ~ 0 
oe + 82” Y2 02 


The theorem requires that w be expressed as a linear fractional 
function of z, where the determinant of the coefficients is also differ- 
ent from zero. We have 


ee 
(oeeeiag ans 1 


= (aya. + Bry2)2+ (a1B2 + 8162) ; 
(yia2 + d1y2) 2+ (yi82 + 6162) 


which is a linear fractional expression in z. The determinant of the 
coefficients is different from zero; for, we have 


aya, + Bry2 aiBs + Bide a By 
yia2 + Ory2 182 + 4162 1 61 | 


ay Bs 
Y2 62 


) 


and each determinant in the second member of this equation is differ- 
ent from zero by hypothesis. 

The system of linear fractional transformations possesses the other 
characteristic properties of a group,* and the relation to the theory 
of groups is at once established. If a, B, y, 6 are integers such that 


then the transformation 


* See Bocher, Introduction to Higher Algebra, p. 82. 
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defines the modular group.* Many of the properties of linear frac- 
tional transformations that have been discussed follow also as applica- 
» tions of group theory.t 

40. Stereographic projection. Since complex numbers are of the 
form z = x + zy, where z and y may vary independently of each 
other, two degrees of freedom are necessary for the geometric element 
used to interpret them and the plane naturally suggests itself for 
that purpose. Thus far we have restricted ourselves to this mode 
of representation. There are other ways, however, of representing 
complex numbers and other surfaces than the plane have been made 
use of in this connection. It is frequently convenient to employ the 
sphere for this purpose. In order to do so, it must be possible to 
establish in some way a one-to-one correspondence between the points 
of a.plane and those upon the sphere. 

The desired result may be accomplished by assuming the complex 
plane as before and supposing that we have a sphere tangent to this 
plane at the origin. We shall refer to the point of tangency as the 
south pole of the sphere, while the opposite pole will be spoken of as 
the north pole. If we now take the north pole O’ as the center of 
projection we can project in a definite manner every point of the 
plane upon the sphere. Thus in Fig. 75 the point P in the complex 
plane corresponds to the point P’ of the sphere. In this way there 
corresponds to each point of the plane a definite point of the sphere, 
and conversely. This method of mapping the complex plane upon 
the sphere is called stereographic projection. 

Since there is a one-to-one correspondence between the points 
of the complex plane and those of the sphere the values of z and of 
w = f(z) may be uniquely represented upon the sphere, which we 
shall refer to as the complex sphere. For example, if z describes a 
continuous curve in a region of the complex plane in which w = f(z) 
is holomorphic, then w likewise describes a continuous curve. The 
projection of these two curves upon the sphere gives the interpreta- 
tion upon that surface of the relation between w and z. 

The point at infinity in the complex plane projects into the north 
pole of the sphere. Hence, to examine the nature of a function for 
values of the variable in the neighborhood of the point at infinity, it 
may often be convenient to represent both w and z upon the complex 
sphere and inquire into the behavior of w as z takes values in the 

* See Forsyth, Theory of Functions, 24 Ed., pp. 680, 681. 

T See Kowalewski, Komplexen Veranderlichen und ihre Funktionen, pp. 30-59. 
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neighborhood of the north pole. The same result, of course, could 
be obtained analytically. Corresponding to the codrdinates x, y of 
a point in the plane, we may determine the location of a point upon 
the sphere by means of two codrdinates 6, ¢, one measured along 


HTGeaioe 


some standard meridian and the other along the equator. Such a 
system of codrdinates is a familiar one in the location of a point upon 
the earth’s surface by means of its longitude and latitude. Any 
given curve can be mapped from the plane upon the sphere by 
means of the analytic relation between x, y and the coédrdinates of 
the corresponding point on the sphere, and the transformed function 
thus obtained can be studied for values of 6, @ in the neighbor- 
hood of the north pole. A closed curve upon the sphere divides the 
surface of the sphere into two parts. This curve may be regarded 
as the boundary of either of these regions to suit our convenience. 

It is desirable to examine somewhat more closely into the effect 
of stereographic projection upon the character of a configuration. 
First of all, suppose we have a pencil of rays passing through the 
origin and lying in the complex plane. Each of these rays projects 
into a great circle passing through O and O’.. They become meridians 
upon the sphere and one such meridian passes through each point 
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upon the sphere. As a special case the axis of reals projects into a 
meridian of reals and the axis of imaginaries projects into a meridian 
of imaginaries cutting the meridian of reals at right angles. 

If we have a system of concentric circles in the plane having the 
origin as center, they constitute the orthogonal system to the pencil 
of rays just mentioned. These circles go over into the orthogonal 
system of circles on the sphere, namely, the parallels of latitude. One 
of these circles projects into the equator of the sphere. This circle 
may be conveniently selected as the unit circle in the plane. All 
concentric circles lying within this unit circle will become parallels 
of latitude in the southern hemisphere while those lying outside of 
this unit circle pass over into parallels of latitude in the northern 
hemisphere. 

In order to determine the character of a configuration on the 
sphere and its relation to the corresponding configuration in the 
plane, we shall now deduce the equations of transformation by 
means of which the cartesian space coérdinates of any point upon 
the sphere can be expressed in terms of the cartesian codrdinates of 
the corresponding point in the plane. Let £, 4, ¢ denote the co- 
ordinates of a point on the sphere. Let the £axis and the y-axis 
coincide respectively with the axis of reals and the axis of imagi- 
naries of the plane. Let the -axis be perpendicular to the complex 
plane. Suppose the radius of the given sphere to be 3. The equa- 
tion of the sphere is 


Si) ce (Cake) saa, (1) 
or Bee nee LQ (2) 
If we now denote by 2, y the codrdinates of any point P in the plane, 


the codrdinates £,, £ of the projection P’ upon the sphere of the point 
P are readily found in terms of z, y. From Fig. 75 we have 


OP = 2? + y?, (3) 
OP =0'0 +0OP 

Sie amr aie ky (4) 
DP” = # +4), (5) 


where DP’ is drawn parallel to OP. The triangles OPO’ and DP’Q’ 
are similar, and consequently we have 


Oe se 


O'P OP 
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By use of (3), (4) and (5), we obtain 


i eee ae (6) 
ae? + y? ney O'p” 


As OP’O’ is a right triangle, we have 


OF = D000 = DO’ -1. 


Since DO’ = 1 — ¢, we have 


OP’ =1—¢. (7) 
From (6) we have then 


ial es oy a cenml 
pS ata ena et 


We have also 


from which we have 


en ieee i eee 
i ‘sy l—-¢ #+y4+1.. (®) 


Finally, we have 


Sa 
2==-, 10 
hy ay) 
5 j 
mess 1, iil 
or E ie (11) 


By use of (9) and (11) the equation (2) of the given sphere may now 
be written 


x 2 oes a! = 
(+i) tety+ietyti 
or y= a + y? 26 y" = y a 

| (a? + y? + 1)? z+ y? e+y+l1s 

oh, oR Mc 
whence y Cy Sa es 
From (11) we get 
ay y a 


So eS ee eee ea 


Hence, the general relations between £, y, ¢ and 2, y are 


2 2 
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From these equations we obtain 


E uy Peat ¢ 

ee ae eee Se ee ee ee (13) 
Ex. 1. Find the stereographic projection of a straight line. 

The equation of the given line is of the form 


Az + By +C =0. (14) 
Substituting from (13) the values of x, y, we have 
; Aé By 2. 15 
A+ ER te=9, (15) 
or At +Bn+Ci1—) =0. (16) 


This equation is that of a plane passing through the north pole of the sphere. 
The curve of intersection of the plane and the sphere is therefore a circle passing 


Fie. 76. 


through the north pole. Hence every line in the plane projects into a circle 
upon the sphere passing through the north pole. Any line parallel, say, to the 
axis of imaginaries (lig. 76) goes over into a circle through O’ tangent to the 
great circle into which the axis of imaginaries projects, but lying wholly in one 
of the hemispheres into which that great circle divides the sphere. None of 
these lines, however, other than the one through the origin, projects into a great 
circle. A system of straight lines parallel to the axis of reals projects into a 
system of circles likewise passing through O’ but perpendicular to the former 
system, and all of these circles on the sphere are tangent at O’ to the great circle 
into which the axis of reals projects. 
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Ex. 2. Discuss the stereographic projection of a circle in the complex plane’ 
whose equation is 


a ty+2gr+2fyteo=0. (17) 
Substituting from (13) the values of x, y, and x? + y? we have 
6 g ul fae 
Go ieee Go (18) 
or C= 298 - 2jy + ell — ¢) = 90, (19) 
or (Leo 2964+ 2f7+¢=0. (20) 


This equation is that of a plane, and the curve of intersection of this plane and 
the given sphere is a circle. We may therefore conclude that by stereographic 
projection circles in the complex plane become circles upon the sphere. These 
circles do not in general pass through the origin nor through the north pole of the 
sphere, as we may see from an examination of equation (20). 


A general property of stereographic projection is stated in the 
following theorem. 


THEorEM. The mapping of the sphere upon the complex plane, and 
conversely, by means of stereographic projection is conformal. 


It has been pointed out that the general condition for conformal 


mapping is that we have 
ds = M -ds, 


where ds, dS are differential elements of ares upon the two surfaces 
concerned. From the calculus of real variables we have 


dS? = d& + dr? + df?, (21) 
where dS relates to the sphere, and moreover we have 
ds? = dx? + dy’, (22) 


where ds is taken in the complex plane. 
From (13) we obtain 


_ dé Edf 
Cee ieee) 
sy es 
i’ ere 
Hence | 
_ di + dr? 6Ob aman) Of oe hy) a 
ee ee oe ar eC er (23) 


From equation (2) we get 


24+? = ¢(1 — §), (24) 
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whence 
2 (d= +ndn) = df — 2¢ df. (25) 
Substituting these values in (23), we obtain 
eae Nigar qi” 
(iG). 


ds? 


from which we get 
1 


Ua ei 


ds. 


The definition of conformal mapping is therefore satisfied, and 
the ratio of magnification M in passing from the sphere to the com- 


plex plane is in this case Similarly, it may be shown that 


i= 


i 
TS = ery ds, 


and hence the mapping from the complex plane upon the sphere is 


also conformal, having as the ratio of magnification. As 


1 

etytil 
we might expect, this ratio of magnification becomes infinite at the 
point ¢ = 1, that is at the north pole. 
—\ 41. Classification of linear fractional transformations. The 
geometrical interpretation of the linear fractional transformations of 
the complex plane into itself may be regarded as a problem in kine- 
matics. In the present article we shall undertake to classify these 
transformations of the plane by means of the corresponding motions 
of the points of the plane. We have already seen that the lnear 
transformation given by an equation of the form 


w=2+tu (1) 
is a translation of the points of the complex plane. Suppose the 
lines of motion be the system of parallel limes AB, Fig. 77. Let this 


system of straight lines be mapped by reciprocation with respect to 
the origin. As such a reciprocation consists of geometric inversion 


upon the axis.of reals, the resulting configuration is a system of coaxial 
circles through the origin having a common tangent at that point. 
The particular line Z; of the system AB of straight lines which passes 
through the origin maps into that straight line Z, through the origin 
which is the reflection of the given line with respect to the axis ‘of 
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reals. Those lines lying below L; map into circles tangent to Ly 
at the origin and lying above it. Likewise the lines of AB lying 
above L; map into circles tangent to Z; at the origin and lying below 
Iy. Corresponding to a motion along the lines AB, we have a motion 
of the points along this system of circles through the origin. The 
corresponding directions of the motions in the two cases are indicated 
by the arrow-heads. The orthogonal lines CD map by the same re- 
ciprocation into a system of coaxial circles through the origin and 
orthogonal to the first system of circles as indicated in Fig. 77. The 


Y C 


Jie, WA. 


motion of the plane as here indicated is called a parabolic motion 
about the origin. 

That a parabolic motion about the origin is a linear fractional 
transformation of the plane may be easily shown. Let z and w be 
the initial and final positions, respectively, of a point moving along 
one of these circles. Corresponding to these two points, we have 
two points z, w upon some line of the system AB, given by the rela- 
tions 


p) W aa ain (2) 


1 1 
z Ww 


As we have seen, the points z, w are associated by the relation given 
in (1). Substituting in this equation the values of z, w.given in (2), 
we have 


il 
Ee te 


Sle 
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Z 

ele 

which is a linear fractional relation between w and z. 
The points remaining invariant by a parabolic motion about the 


origin may be readily found; for, by comparing (8) with the general 
form of the linear fractional transformation, we have 


Opa) gO) tee ey Tet 


(3) 


or UD == 


Hence, from Art. 39, we have as the invariant points 
& = @ = 0; 


vee is, the two invariant points are coincident at the origin. 

If the parabolic motion takes place about any point z # 0, the 
Lesreaa between the initial and final values of the variable, namely 
between z and w, is still linear. For the translation 


Z1 = 2 — 2%, W1 = W— &% (4) 


brings the origin to the point zo, and 21, w; are respectively the initial 
and final values represented by the variable point with respect to 2o. 
Since the motion about zo 1s parabolic, we have 


A 
wy ==: 
1 + par 
Putting for 2, w; their values in (4) we have 


Fee 
1+ ule — 20)’ 

_ e(1 + p20) — peo 
satel awa 


W— % = 


or 


which is a linear fractional relation. The points left invariant by a 
parabolic motion about zo are coincident at Zo. 

In case of a translation, the invariant points are given by (1) 
and are coincident at infinity. Consequently, a translation may be 
regarded as a special case of a parabolic motion where the invariant 
points coincide at infinity. Put as we have seen, a translation is a 
linear fractional transformation. We may then conclude that every 
parabolic motion corresponds to a linear fractional transformation 
having coincident invariant. points. dlls 

We shall now show that conversely every linear transformation 
having two coincident invariant points is a parabolic motion, First 
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of all, suppose the two invariant points coincide at infinity. Then we 
must have 

(Se) easy Up ty 20, 
whence, 


@ = we 


The general linear fractional transformation then reduces to 


B 


ie a 
a 


which is as we know a translation, that is a special case of a parabolic 
motion.. 

If the two invariant points coincide at a finite point 2, then by 
translation the origin can be moved to this point. But a translation 
does not change the form of the lines of motion. By reciprocation 
these lines of motion through the origin map into lines of motion 
having two coincident invariant points at zg = «0. But as we have 
seen such a motion is a translation, and by definition the motion along 
the reciprocal of these lines is a parabolic motion about the origin 
and consequently the original motion is a parabolic motion about the 
point 2. 

Another important class of motions is obtained when we apply 
the reciprocal substitution to the general linear transformation, 
which may be written 


w=vetu, (5) 


where Z, w are respectively the initial and final positions of the variable 
z-point, and vy, wy are complex constants. 

By the reciprocal substitution, the point P maps into some point 
P’, Fig. 78. The pencil of rays passing through P maps-into circles 
through P’ and through the inverse of the point at infinity, namely 
the origin O. If the transformation is such that the half-rays are the 
lines of motion in the one case, then the corresponding lines of motion 
in the other case are the circles passing through P’ and O. The diree- 
tion of the motion is indicated by the arrow-heads. The resulting 
motion is called a hyperbolic motion through the fixed points O 
and Fo 

If the concentric circles about P are considered as the lines of 
motion, then in the reciprocal configuration the circles having their 
centers on OP’ are lines of motion and the circles passing through O 
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and P’ form the orthogonal system. The motion in this case is called 
an elliptic motion. 

By a combination of rotation and stretching, we have, as we have 
seen, a logarithmic spiral motion. Corresponding to the logarithmic 


Kre. 78. 


motion about P we have after reciprocation with respect to the origin 
what we shall call a loxodromic motion about the points P’ and O as 
indicated in Fig. 79. 

Since hyperbolic and elliptic motions appear as special cases of 
a loxodromic motion, it follows that all three motions are linear 


Fic. 79. 


fractional transformations if it can be shown that a loxodromie motion 
is such a transformation. To show this, let as before z, w be the initial 
and the final positions, respectively, of the variable point on one of 
the curves of a loxodromic motion about O and P’.. We have then 

il 


2——, w= 


il 
Z w’ (6) 
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where z, w are the points on the logarithmic spiral corresponding to 
zandw. The points z, w are related to each other by equation (5). 
Substituting for z, w their values, we get 


il v 
a = at oy 
or 
2 
ome tate (7) 


which is the linear fractional relation required. 
We have, by comparison with the general linear fractional trans- 


formation, 
a1, 60; US 1s OES Ee 


Hence, if v ¥ 1, we get 
(or 00) J eye 0. ey 0; 


that is the invariant points are finite and distinct. From ee 
—y 


(3), Art. 39, it will be seen that the two invariant points are 0 and+ 


Instead of the origin being taken as one of the invariant points, any 
point P; may be selected. The second invariant point is then ob- 
tained by reciprocation of the point P with respect to a unit circle 
about the point P: as a center. But to remove the origin to a given 
point is a translation of the points of the plane, which as we know is 
a linear substitution. Hence it can be shown by the same method 
as that employed in the discussion of parabolic motion that a loxo- 
dromic motion about any two fixed points of the plane is a linear 
fractional transformation having those points as the invariant points. 
If one of the invariant points is z = #, we have then y = 0 and the 
transformation reduces to 


_ erp B 
aes 


= 2 + 5” 
which gives, as we have seen, a logarithmic spiral motion. We can 
then regard a logarithmic spiral motion as a special case of a loxo- 
dromic motion, where one of the distinct invariant points is at infinity. 

Conversely, every linear fractional transformation of the points of 
the complex plane such that two distinct points are left invariant is 
some form of a loxodromic motion. If one of these points is finite 
while the other is at infinity we have a logarithmic spiral motion, 
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which is as we have seen a special kind of loxodromic motion. If 
both invariant points are finite, then by a translation one of these 
points can be made the origin and by reciprocation with respect to 
this new origin the original lines of motion are mapped into lines of 
motion having two distinct invariant points, one being at infinity, 
that is into a logarithmic spiral motion. Hence, by the definition 
of a loxodromic motion the original motion is of that type, since the 
translation which moves one of the invariant points to the origin 
does not affect the form of the lines of motion. 

It has already been pointed out that a hyperbolic motion and an 
elliptic motion are special cases of a loxodromie motion. The condi- 
tions under which these special cases arise depend upon the character 
of v, as may be seen from an examination of (5). Suppose we put 


vy = p(cos¢+isin@). 


Then, if p # 0, ¢ # 0, the logarithmic spiral motion maps into the 
loxodromic motion about the finite invariant points; if p ~ 1, ¢ = 0, 
we have from (5) a pencil of rays and after mapping we get a hyper- 
bolic motion; if p = 1, ¢ # 0, the resulting motion is elliptic. . It 
will also be observed, that in case v = 1, the motion represented by 
(5) is a translation, in which case the invariant points become coin- 
cident at infinity and after mapping by reciprocation with respect 
to some finite point the resulting motion is the parabolic motion al- 
ready discussed. 

We are now in a position to classify the various types of linear 
fractional transformations of a plane according to their kinematic 
properties. For, as a result of the foregoing discussion, it follows that 
every linear fractional transformation may be interpreted in terms of 
some one of the motions already discussed. As we have seen, every 
linear fractional transformation leaves two points of the plane in- 
variant. These points must be either coincident, or distinct. If 
, they coincide, we have seen that the transformation is a parabolic 
motion, where a translation appears as a special case. If the in- 
variant points are finite and distinet, we have in general a loxodromic 
motion, which reduces to a hyperbolic motion or an elliptie motion 
according to the particular value taken by vy. If the invariant points 
are distinct, one being at infinity, then our transformation is a loga- 
rithmic spiral motion, which again reduces to an expansion or a 
ie according to the particular values given to » as already 
noted. 
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EXERCISES 


“1. Given in the Z-plane the two intersecting curves x? + (y — 2)? = 4 
and 2x -+3y—7=0. Map these curves upon the W-plane by means of the 


: 1 E ‘ : 
relation w = 2 Show that the resulting curves intersect at the same angle as 


the given curves. 
2. Map the orthogonal systems of straight lines w =c, »v =c from the 
J,’-plane upon the Z-plane; first, by means of the relation w = 22, second by means 


of the relation w = a How would the two resulting configurations be related 
if projected stereographically? 

2 2 
> 3. Given the ellipse 7G = 1. Subject this curve to the transformation 


w = 32+ 10 and find the equation of the resulting curve. Draw the curve. 
What general principle do the results of this mapping illustrate? 
~> 4. By applying the Cauchy-Riemann differential equations to the relation 


1 : : : 
w =-—, show that w is an analytic function. 
z 


_>65. A point z moves with uniform speed of 2 cm. per see. along a circle whose 
center is at 2 + 37 and whose radius is 4em. Determine the path, velocity, and 
acceleration of w, where w = 22+ (1 + 27). 

6. Given the three points 1+ 27, 2 +7, 2 +37. Determine the linear 
fractional transformation that will map these points into the following points: 
2+ 27,1+4+ 3%, 4. Find the invariant points of the transformation. 

7. Let a circle passing through the three points 2 + 37, 0, 3 + 27 be given. 
Find the conjugate of the point 1 + 27 with respect to this circle. Construct 
the curve into which the circle through the points 1 +27, 2+37%, 3+27 is 
changed by reciprocation with respect to the circle of radius 2 about the origin. 

8. A given translation of the complex plane is represented by the equation 
w=z+8, where 8 = 2+ 37%. Show in two ways how the lines of motion in 
the complex plane can be changed into lines of parabolic motion upon the sphere 
having the coincident invariant points at the north pole. Explain why the two 
methods give the same result. 

9. The speed at the point 2 + 47 of a moving point in a motion of expansion 
about the point 1 + 27 is 2 units per sec. At the same instant what is the 
position and velocity of the corresponding point in the hyperbolic motion obtained 
through reciprocation of this motion of expansion? 

10. When a transformation has the property that on being repeated once it 
restores every point of the plane to its initial position, it is called an involution. 
Determine the conditions that must exist between the coefficients a, , y, 5, in 
order that the transformation 


az + B 
ye +6 


== 


shall be an involution. 

11. Show that every involution is an elliptic transformation. 

12. Show how the regions for the anharmonic ratios of four points may be 
represented on the complex plane in case the four points are harmonic; in case 
they are equianharmonic. 


(Le 


CHAPTER VI 
INFINITE SERIES 


42. Series of complex terms. In this chapter we shall con- 
sider some of the general properties of infinite series whose terms are 
complex numbers. We shall assume such knowledge of infinite 
series as is usually given in elementary texts on algebra and calculus. 
Special attention will be directed to the properties of power series. 

Suppose we have given the series 


Lon =a toartast--+tart:::, (1) 
where am = Qn + ibn, Gn, bn, being real numbers. As in series of 
real terms, we shall denote the sum of the first m terms by S,, that 
is, we shall put 

Sp =a +ag+ ++- + an. 
A series is said to be convergent if the sequence 
ia ee an ake 
has a limit. If a@ is this limit, that is if 
I 8, a: 
then the series is said to converge to the number a. This number 
is also called the sum of the series and is uniquely determined by the 
series. We may therefore write 
IEP Aver 
If the limit of S, does not exist as n increases indefinitely, then we 
say that the given series is divergent. 

The geometric significance of convergence may be easily seen. 
All that is needed is to locate in the complex plane the points that 
represent 

Si SOU. 
Se = ar + ay, 
S3 = a1 + a, + as, 


Baten drench ast ations 
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It will be noticed that these points do not necessarily lie along a 
straight line as in series of real terms, but that they may be distrib- 
uted over the complex plane. 
They are, however, so located 
as to be dense at the limiting 
point a. 

In order that the limit shall exist, 
it is necessary that L | a, |= 0. 


n=0o 

As in series of real terms, this 
condition is a necessary but not 
a sufficient condition for the con- 
vergence of the given series. 

As already stated, each term 
of a series of complex numbers 
may be written in the form 


xX 
Qn = An + thy. Fia. 80. 


Separating the real and the imaginary parts of the terms of the 
series, we may put 

A,=ut&+ >-* +4, 

Ba= by + bp -- + = + 4-0. 


We may now formulate the following theorem. 


TueorEeM I. The necessary and sufficient condition that the series of 
complex numbers 


Oo Op Ona Fs 4g ate ena tc 
converges to a limit a = a + ib is that 


L AL —= 1, De, = b. (2) 


n=0 n=0 


We have 
(Sha a An + Moyen 


and by Theorem I, Art. 12, the necessary and sufficient condition 
that the sequence 

Si, So, Ss, G6 peer a ot 
has a limit a = a+ 7b is that 

LA, = 0, ‘Be =e 


= n=0 


Hence the theorem. 
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The point a is determined upon the axis of reals (Fig. 80) by the 
series Lan, while b is determined upon the axis of imaginaries by the 
series Ub,. The limiting point a is then identical with a + 2. 

It will be seen at once, therefore, that if either of the series Lan, 
Xb, is divergent, the series 


didn = (dn = Dn) 
is divergent. 


: ; 1s iff = OL I idle 
Ex.1. Given the series >(5+ y= (1 + bi)+(5+4i) + (545%) + : 
This series is divergent; for, we have 
1D =. Ae al 
pa er ae ir: Oe 
1 1 il 1 
eee 
where La, is divergent although 2b, is convergent. 


We may also state the necessary and sufficient condition for the 
convergence of a series of complex terms as follows: 


THeoreM II. The necessary and sufficient condition that the series 
CGM bape takes emg ate nee 


converges 1s that for an arbitrarily small positive number ¢ there exists 
a definite number m such that 


| nia + Ante peat sateen |< e) COM, Ppmli 2, 3, i OOS 


This condition follows at once from Theorem VI, Art. 12. We 
have the sequence 
ofa of hee) hese g mam Promenry bye 


The necessary and sufficient condition for the convergence of this 
sequence is that, for an arbitrarily small ¢, a corresponding integer 
m may be found such that 

[Spe Ole mate i, 09) al oe eae 
Replacing the values of S, and S,,, by their values in terms of the 
a’s, we have at once the condition stated in the theorem. 


THEorEM III. The series La, converges, provided the series of 
moduli of the various terms of the given series converges. 
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We have by hypothesis the condition that the series of absolute 
values 


lar|+flae|+ ee t]an| + Aaa 


converges. From Theorem II it follows that since the foregoing 
series of moduli converges, we have 


own | er allan fem 6 n>m, p =1,2,3,-°°. 


But we have 


[Co pti Oty te etna | 
whence it follows that 
lami tt: ++ tantp| <e¢, n>m, (ax IPR OH Ont): 


By Theorem II this inequality gives a sufficient condition for the 
convergence of the given series Lay. 


Ex. 2. Let it be required to test the convergence of the series Zan, where 
_ p™(cos n@ + 7 sin 8) 

= = ; 

The series of moduli is 


(oe et joe 
FG ics aio age Sings Beats 


an 


which converges for p < 1; for, we have by the ratio test 


(ee Wal I n 
n=0 Hoey Le jae dl 


=p<l. 


Hence, by Theorem III the given series converges for |an| <1. 


If the series of absolute values of the various terms of the series 
La,, namely © | a, |= UV a,2 + b,2, converges, then the given series 
Xa, is said to converge absolutely. 

THEOREM IV. Given the series Lan, where an = dn + tdn. The 
necessary and sufficient condition that this series converges absolutely 
is that the two series Xa,, Xb, converge absolutely. 


That the absolute convergence of La, and Yb, is a necessary 
condition may be shown as follows. We have 


[an] =|an+2b,|= Van2+b.2, |bn| =|an.+ib,|= Va2+b2. (3) 


We assume that the given series converges absolutely; that is, that 
the series of moduli converges. We have then the convergent series 


Da) Cpe ee Va ety wee ed) 
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From (3) it follows at once that the terms of the two series B | a, |, 
|b,» | are equal to or less than the corresponding terms of the 
convergent series (4) and hence both of the series La,, Lb, con- 


verge absolutely. 
The condition set forth in the theorem is also sufficient. If we 


write 
AL=|al|+l[al|/+t--- +a], 
Bh=|bis|+loe|/+t--- +], 


LACE B)= DAL LT Bi. 


we have 


that is, since Z | a, |, 2 |b, | converge, the series & {|a,| +] 5, |} 
also converges. We have, however, 


| om | = [an] +] bn |, 


and consequently the series ¥ | a, | converges; that is, the given 
series converges absolutely. 


a 
Ex. 3. Test the series Se for absolute convergence. 


We may write the given series in the form 


oy Og ee Oy a 
log chia = 0 ae ody ge ees 


Yaa -(-Etg- +); 
Ye =(1-3+5- = -), 


Bach of these series is convergent, but neither converges absolutely. Hence the 
given series can not converge absolutely. In fact we have 


p> 


which is a well-known divergent series. 


from which we have 


q™ 


nn 


ey eal pra 
sell sry eae gi rats balegs 9S 


While absolute convergence, as we have seen, gives a sufficient 
condition for the convergence of La, it is not a necessary condition. 
It may occur, as we have just seen (Ex. 3), that a series converges 
even if the series of moduli is divergent. 


n 


rr 5 BE aa 
Ex. 4. Given the series SS mt where z = cos 6 +isin 0, 0 < 6 < 27. 


It will be observed that the series in Ex. 3 is a special case of the series here 
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, T : on 1 F : 
considered, namely, where 0 = 3° The series of moduli is y= which is a 

divergent series. However, the given series 
Lan = Z(Gn = thn) 


is convergent, since each of the two series 


1 cos2@ , cos3@ 
>, an = >) = cos nd = cos 6 + 5) -+ 3 free, 


Ltn : sin20@ , sin3@ 
>, bn = >) = sino = sing + + 3 Jno oe 


is convergent for 0 < @ < 27.* 


Absolutely convergent series have certain properties not pos- 
sessed by series in general. Some of these properties are stated in 
the following theorems. 


THEOREM V. The sum of an absolutely convergent series of complex 
terms is independent of the order of the terms. 


When we have a finite series the order of arrangement of the 
terms is a matter of indifference. The foregoing theorem enables 
us to extend this commutative property to an infinite series, pro- 
vided it converges absolutely. 

Let the given series be 


Lid = Oh Gy 8 Oy cla 8 oa (5) 


where a, = Gn + tbn. 

By Theorem IV the two series La,, Xb, converge absolutely. 
When a series of real terms converges absolutely the sum of the 
series is not dependent upon the order in which the terms of the 
series are arranged.t Since we have 


aT Gh In Peo me HH, (6) 


and the terms of the two series Xa,, Ub, can be taken in any order 
without affecting their sum, it follows from (6) that the sum of the 
given series La, is likewise independent of the order in which its 
terms are taken. 

The associative law of addition may be extended to any convergent 
infinite series; that is, we can always insert parentheses at pleasure 
in an infinite series. However, if the series converges absolutely the 


* See Bromwich, Theory of Infinite Series, p. 159. 
+ Ibid., p. 64. 
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sum is not affected by any arbitrary rearrangement and grouping of 
the terms; that is, we have the following theorem. 


TurorEeM VI. The sum of an absolutely convergent series remains 
unchanged if the terms are rearranged and grouped in any arbitrary 
manner. 


Let La, be any absolutely convergent series having the sum a. 
Let us first suppose the terms of this series to be grouped by putting 
into each group a certain number of consecutive terms. Let Aj, 
As, . . . denote these groups, respectively, where 


Ay = 04 2 = == ig, 
As = Oni * + > + Gr, 
We shall now establish the convergence of the series 
Ames poe cig ceo 2 eke (7) 
The sum of the first n terms of this series, namely, 
Bh GU eae 8, 


is equal to the sum of the first m terms (m > n) of the given series 
La, As n becomes infinite, m also increases without limit. We 


have for all values of n 
Sa = Sey (8) 


where S,, denotes the sum of the first m terms of the given series 
Lia, However, m does not take all integral values, but increases 
through the values k, r,s, .... Since the given series converges, 
it follows by Art. 12 that the limiting value of S,, is the sum of the 
given series, namely a. As (8) holds for all values of n, it follows 
that we have also 
TS. =o 
n=co 
Since the given series converges absolutely the sum of the series 
is not affected by any arbitrary rearrangement of its terms. Conse- 
quently, in order to get any desired grouping of the terms of the given 
series La,, all that is necessary is to so rearrange the terms of the 
series that the terms occur in the required order and then form the 
series (7) of groups of consecutive terms. Hence the theorem. 
Convergent series that do not converge absolutely are called 
conditionally convergent series. The following theorem may be 
stated with reference to such series, namely: 
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TuroreM VII. The sum of a conditionally convergent series de- 
pends upon the order of arrangement of its terms. 


Let Ya, be the given conditionally convergent series. As in the 
demonstration of Theorem V, we have 


Ln = (An ate Wn) = LAn + tXdp. 


By Theorem IV we know that at least one of the series Lan, Lb, 
must converge conditionally; otherwise the given series would con- 
verge absolutely. Suppose that Xb, alone converges conditionally. 
It follows from (6) that the given series Ya, converges to a limit 
a + ix, where x = Xb, depends upon the arrangement of the terms 
of the series {b,, and by properly choosing this arrangement « may be 
made any arbitrarily chosen real number.* This establishes the 
theorem. 

In this demonstration we have made use of the fact that in a 
conditionally convergent series of real terms the series may be made 
to converge to any arbitrarily chosen real number. This fact would 
seem to suggest that a conditionally convergent series of complex 
terms might likewise be made to converge to any arbitrarily chosen 
complex number as a limit. This, however, is not in general the 
ease. As already pointed out, if Xb, converges conditionally, we 
may so arrange the terms of this series as to make it converge to any 
arbitrarily chosen number xz. In order that the series Lan, by a 
rearrangement of its terms, shall approach an arbitrarily chosen 
complex number x + 7y it is, in general, also necessary that La, be 
conditionally convergent and that the rearrangement of its terms be 
unrestricted. This, however, is impossible, for when the b’s are 
properly arranged the a’s must be taken in such an order that there 
is associated with each b; an a, such that a; + 7b, is one of the a’s. 
Since the choice of the arrangement of the a’s is thus restricted, it 
follows that while the limit of a conditionally convergent series of 
complex terms depends upon the order of its terms, it can not, in 
general, be made to approach any complex number at pleasure by a 
suitable arrangement of its terms. Some particular conditionally 
convergent series of complex terms may, however, be made to 
approach any previously assigned limit by the proper arrangement 
of the terms.t 


* See Bromwich, Theory of Infinite Series, p. 68. 
+ See Lévy, Now, Ann. Math., Vol. 5, 1905, p. 506, 
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To test the convergence of a series of complex terms, we need only 
to employ the methods of testing series of real terms. We can always 
make the convergence of any series Ya, depend upon the conver- 
gence of the two series of real terms La,, Lbn, where a, = dn + tbn, 
by use of the Theorem I. Frequently, it is more convenient to 
test the convergence of the given. series by considering the series 
of moduli. As we have seen, if this series converges then the given 
series converges. The series of moduli is a series of real positive 
terms and the tests for the convergence of such series may be at 
once applied. If the series of complex terms converges condition- 
ally, we have no general tests; but this is to be expected, since no 
general tests exist for the conditional convergence of series whose 
terms are real. 

In the discussion thus far we have considered only those series 
whose terms are constants. The terms of the series may, however, 
be functions of a complex variable. Such a series may be written 


ur(z) +u(z) + +++ tur(z) +--+. 


The convergence of this series for a given value of the variable im- 
plies that if this value is substituted for the variable, the resulting 
series of constants converges. The region of convergence may or 
may not be a closed region. A series of functions of a complex 
variable defines a function of the complex variable in the region of 
convergence. 

43. Operations with series. In order to make use of series in 
mathematical discussions, it is necessary to establish the conditions 
under which convergent infinite series may be combined by the 
fundamental operations of arithmetic following the formal laws 
applicable to sums of a finite number of terms. It follows at once 
from the laws governing operations with limits and from the defini- 
tion of convergence, that any convergent series may be multiplied 
or divided termwise by a constant, and that a constant may be added 
to or subtracted from any convergent infinite series by adding it to or 
subtracting it from any term of this series, precisely as in the case of 
a sum of a finite number of terms. We shall now consider the sum, 
difference, product, and quotient of two convergent infinite series. 


THEOREM I. Jf La,, UB, are two convergent series having the 
limits a, B, respectively, then 


e+ B =E (an + Bn) = (or + Bi) + (a2 + Ba) + +++ + (an +Bn)+ +++, (1) 


Arr. 43.] OPERATIONS WITH SERIES 207 


If the given series converge absolutely, then the series (1) converges 
absolutely. 


Let Sn =a tact -:++ +a, 
T, = Bi + bo + af tina a= Bus 


Then, we have 

Se Ln = (ey 1) + (as Bs) (ant Ba). (2) 
By hypothesis we have 
1; Sy = @; es aeke, 


n=0 


hence, it follows that 


whence 
a+ B = (a + Bi) + (a2 + Be) + --- + lan tbr +---. 


We shall now show that if Ya,, 4B, converge absolutely, the 
series (1) converges absolutely. Let 


| an | = pn, Pe = tx, Do a. 
Pn = Pe prea 2 pa, 
Bree ge a 


Putting Dn = Pn + Try 
we may write 


Ss 
2 
I 


Py = pit ht o* + Do. 
We have then 


L P,= L Sn + Ts’) =0 +7; 
that is, ‘ : 
Dat te (Pete Pet West ta) eee al ote) toe ee) 


Since we have 


| an + Bn | = |an| + | Bn | = on +1, 


it follows from (3) that the series of moduli of (2) converges, that is 
(2) converges absolutely. 

It is to be noted that the parentheses in (1) may be removed; 
for the sum of the first n terms of the series 


Ce si aye Afe? Val OP Pen ete ge Coat 


differs from the sum of a properly chosen number of terms of (1) 
by at most the first term in one of the parentheses, this term ap- 
proaching zero with increasing n. 
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Ex. 1. Add the two series 

log (Ltt z) eet hea? hier tag erie ee cmos 

log 1 — 2) = —2—72 —72 —12—fe—--=. 
Applying the results of Theorem I, we obtain 

log (1 — 22) = log (1 +z) + log (1 — z) 
=—2P— f= — 
The corresponding theorem for the difference of two series may be 
stated as follows: 


TurorEM II. Jf Yan, UBn are two convergent series having the 
limits a and B respectively, then 


= B= 9a) = (0 01) te Oe act (nn) ee) 
If the given series converge absolutely, then the series (4) converges 
absolutely. 


The first part of this theorem may be established by a method 
similar to that employed in the demonstration of Theorem I and 
the demonstration need not be repeated. To show that series (4) 
converges absolutely, we have 


| an — Bn | = |an| + | Bn | = pnt fn: (5) 
In the demonstration of Theorem I, it was shown that the series 
X(pn +7n) converges. Hence from (5) it follows that the series 
x | a, — Bn | must converge; that is (4) converges absolutely. 
Ex. 2. From the series 

log (lity 2) sie" y 2" he eo ehh ahi 
subtract the series 

log (1 — 2) = —2-—32—f2—j2t—la—...-, 


By Theorem II we get 
los( 5 +2) = log (1 +2) — log (1 —2z) = Qe+ satis + Sng 


The following theorem due to Cauchy * gives a convenient crite- 
rion for the multiplication of series. 

THeEorEM III. Jf the two series Nan, UB, converge absolutely to the 
limits a and B, respectively, and if each term of the one series is multi- 
plied into each term of the other, the series whose terms are these pro- 
ducts taken in any order which includes them all in a simple infinite 
serves converges absolutely and has the limit a. 


* Ene, der Math. Wiss., LAs, p. 96; Enc. des Sct. Mat., Iu, p. 247, 
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If each term of Ya, is multiplied into each term of YB, the result 
may be schematically displayed as follows: 


ar Bi + au +, 00485 + ee ea Qi Owist 


ee 


ae fi + ols + oniBs + eat Cela cps © 
spesseat as Bt on Bo fous ee (6) 


an By + ay Be Pa beck ao © Se OnOn te 


The theorem announces that if we make up a series by selecting the 
terms of this scheme in any manner so that each term appears in 
the resulting series, then that series converges absolutely and has 
the limit af. 

Suppose we arrange the terms of the foregoing array into a series 
in the following order: 


a8 + a8, + a8: + a6 + 83+ ++: . (7) 


The order of selection of the terms of the series follows the 
boundaries of successive squares from top to bottom and then from 
right to left as indicated in (6). We shall now show that series 
(7) converges absolutely. Put as before 


lon! = pn, | Bn] =n, 
and let the series Lp,, Ur, converge respectively to the limits p 
and r. We may write for convenience 
Sn’ = pit pet °° +> + pn, 
Th =n+ret Phe oe lis 


It is proposed to show that the series of moduli obtained from (7), 
namely 

pig I pile ie palais pati = pila so, (8) 
converges. Let M;, denote the sum of the first & terms of this series; 
then if we have 

Vek = (n+ 1), 
it follows that 
ba ip = Mi; = Seq) git: 

But since both La,, LB, converge absolutely it follows that 
L ened be = L Srualru = L Sas L fy = pr. 


n=0 
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Consequently, we have,* since k increases with n, 
16, M;, OT, 


k= 
and series (7) converges absolutely. 

Since the series (7) converges absolutely its terms may be grouped 
in any manner desired without affecting the limiting value of the 
series. Suppose we collect the terms of (7) into groups as follows: 


anB1 + (aiB2 + a282 + a81) + +++ 
+ (aiBr t+ +--+ tbanBu+t +++ fanfi)+--°. (9) 


For convenience put 


Dn = (a1Bn + Seaciey® ae Chiba AF aan + en) 


Ped Ps 4 et Day 
Aig eee 8 2S ae Ch, 
1 ee a RO ae bie 


and 


ZS 


We have then 
Ie — iS lies 


Upon passing to the limit as n becomes infinite, we obtain 
Pe LAS =e le ree 


n=oo n=c n=0 

Since the limit of the series (9) is equal to that of (7), it follows that 
the latter series not only converges absolutely but has the limiting 
value af. 

The series (7) was obtained by selecting its terms from (6) in a 
particular manner. It has been shown, however, that (7) converges 
absolutely and consequently by Theorem VI, Art. 42, its terms may 
be rearranged and grouped in any manner desired. It follows then 
that whatever is the manner of arranging the terms of (6) into a 
series the limit is still a8 and the resulting series converges abso- 
lutely. It is often convenient to select the terms of our series by 
taking the terms of (6) along diagonal lines as follows: 


a8, + (2182+ a3) ala penis “ip (a1Bn+arxBna = 2 eS She QnB1) si ee (10) 


In this arrangement of the product, each group contains all of the 
terms @,8; for which r + s has the same value. From the foregoing 
discussion, it follows that this series likewise converges absolutely 
and has the limit a. 


* See Townsend and Goodenough, First Course in Calculus, p. 24, Theorem VI. 
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Ex. 3. Given the two series, 


7 
ee o+e-Ft+-, 
ti) 
cos2 = 1 — e+e- ue ; 
to show that 2 sin z cos z = sin 22. 
We have 
3 5 7 
Qsinzcose = 2)2-F4+ 5-2 +... 
2 gi 
“SE SORRY ewe ne 
2° gi 
a tearaniy 
gl 
are 
Be Sax: 
= ae 2 (2 2 2 
= 28 2) Pea a ee 
~ 828 322 
Peron 
(2 2) 
= 22) - “G+ 55 - 
0 Wa 


Mertens has shown * that the series (10) converges to the limit a8 
when only one of the given series La,, 28, converges absolutely. 
It may be shown f that when both of the series XYa,, UB, converge 
conditionally then if the series (10) converges at all, it has the 
limiting value a8. In neither of these cases, however, is the product 
necessarily an absolutely convergent series. On the other hand, the 
series (10) may still be absolutely convergent in particular cases when 
one of the series La,, LB, is absolutely convergent and the other 
conditionally convergent, or even divergent; also when one of these 
series is conditionally convergent and the other divergent; and 
finally, when both are conditionally convergent or both divergent.t 

As division is the inverse operation of multiplication, the results 
of Theorem III may be used in determining the conditions under 
which we may divide one series by another. The resulting theorem 
may be stated as follows: 


* See Jour. fiir d. reine u. angew. Math., Vol. 79, p. 182; also Whittaker, 
Modern Analysis, Art. 19. 

{ See Whittaker, Modern Analysis, Art. 20. 

I See Cajori, Bulletin Amer. Math. Soc., Jan. 1903. 
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TurorEM IV. Given the series Lan and XB, having the limits a and B, 
respectively. Suppose XB, converges absolutely and that Bj ~ 0. Then 


a Ddn 


= Sac 
Qn — MBn — AxBn-1 — + * * = An—aBe 
By : 


provided the series UX, converges absolutely. 


mbm beet ee, (11) 


where Se = 


In order that we may have the relation 
Lan 
Bn 


the series La, must be the product of 28, and ZdA,. Since both of 
the series L8,, LA, converge absolutely, they may be multiplied 
term by term and the product written in the form 


NiBit (AiBe+ A281) + + + + FAB rE Banat + + + EAn-Be+AnBi)+ ++. 
If this series is to be identical with the series 
OP 200 ctu et neta an, 


then the value of \i, Xx, . . . , Any - . - must be so determined that 
the corresponding terms of the two series are equal; that is, we must 
have 


= D1Nn, 


Qe dif, 
a2 = Bz + Aoi, 


an = MBn te AB Sie ot eae Si Xn—-1B2 =e dnB1, 


whence we have, since 6; # 0, 


ay 
Nite 
a 
a2 — ie 
—————— ; 
° Bi 
" On — MBn — A2Bna — 2 == Waailehs 
nm — ? 


This completes the demonstration of the theorem, 
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Ex. 4. Given the two series 


3 2 2 gi 

sing = 2% — 97 eloped 
2 a a 

ee recite 


find 


3 5 
tanz=2+ 542240... 


We have, since 6: = 1, 


AL = a = 2, 
23 2 3 
he = a2 — WB, = — 5) —2( 5) = 
a 2 2 Dee 
Ne See NEES “(5 A #| 15” 


° e 


44. Double series. Let us consider a doubly infinite array of 
complex elements of the form 


sy (650) CNB 6 o o Ci a 6 0 5 
Cm Ch CX oo o Ch oo 6 9 (1) 
Gay Oh CER 5 5 6 Ch 5 5 oO 5 
Qin Om2 Om3 - + + Amn «+ « « ) 


where mn indicates the element in the m”" row and the n** column. 
Each row of the array extends indefinitely to the right and each 
column extends indefinitely downwards. If the elements of this 
array are connected by plus signs, the result is called a double series, 
denoted by 

Oa (2) 


Let Sinn denote the sum of the elements in the first m rows and n 
columns of the given array. If S,,, approaches some definite limit 
aas m and n become infinite independently of each other and if this 
limit is independent of the manner in which m and n become infinite, 
that is if 

Saige, (3) 


then the double series (2) is said to converge to the limit a, and a is 
called the sum of the series. If the limit (3) does not exist, the 
series is said to be divergent. If the series formed by taking the 
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moduli of the elements of (1) converges, then the given series is said 
to converge absolutely. 

The product, of two series La, + UB,, already discussed, may be 
exhibited as a double series. We need merely connect the various 
rows of (6) in the previous article with the plus sign. The double 
series was in that case converted into a simple series by adding 
the elements of the array along the two sides of successive squares. 
The order of the terms in the resulting simple series is that of (7), 
Art. 43. If this series converges absolutely, then by Theorem V, 
Art. 42, it converges independently of the order of the terms. ‘The 
terms can therefore be so rearranged as to give various simple series 
equivalent to the given double series, every such series converging 
to the same limit, namely the limit of the double series. We may 
say, moreover, that if the moduli of the elements of the double series 
Lamn can be arranged in any one way so as to form a simple conver- 
gent series, then the double series Nan, converges absolutely. Such 
a double series may then be converted into a simple series in any 
arbitrary manner by means of which there is set up a one-to-one 
correspondence between the totality of elements of the double series 
and the positive integers representing their order as terms in the 
simple series. 

The following generalization of Theorem VI, Art. 42, makes the use 
of absolutely convergent double series of advantage in some dis- 
cussions. 


TurorEM. If a double series of complex terms converges absolutely, 
it may be evaluated by rows or columns. 


Let Yam, be the given double series whose terms are the elements 
in the array (1). Suppose this series converges absolutely and has 
the limit a. We are to show that the limits of the series constitut- 
ing the various rows exist and that the sum of these limits forms a 
series having a as a limit. Furthermore, we are to show that the 
limits of the series constituting the various columns exist and that 
the sum of these limits likewise forms a series having the limit a of 
the double series. 

Let the series of moduli of the terms of Lam, namely Ypnn, con- 
verge to the limit p. The series formed by taking the moduli of the 
elements of any row must converge; for, the sum of a finite number 
of such terms increases with n and is always less than p. We shall 
denote the limiting values of the successive rows of moduli by pi, 
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Po) » + +5 Pm +... since each row of the series of moduli con- 
verges it follows from Theorem III, Art. 42, that each row of the 
series Yann converges. Let the successive rows converge respectively 
to the limits a1, a2, a3, . . . , Qm,.. . , and let S,, denote the sum of 
the first m terms of this series. 

We shall now show that the series Na, converges to the limit a. 
This series will converge if the series of moduli © | a» | converges. 
We have for all values of m 


— 
| Om | = Pm) 
and since the sum 


pi. p2 + = ce + pm 


increases with m and is always less than p, the series Lp, converges, 
and by comparison & | a, | converges. Therefore La, converges, 
say to a’. 

It remains to show that ae = a. Denote by Ri, Ro, . . . , Rm, re- 
spectively, the absolute values of the remainders after the first n 
terms of the first m rows of the given double series Lamn; that is, let 


Fes | Os, nt 4 Os, 42 Dias |, C1 2 eee ent. 


For an arbitrarily chosen e, we may now select a number JN,, de- 
pending upon m, such that for n > N,, each of the numbers A, 


. (f 
fig; 2 2s 5 tim is less than a We have then 
n 


[| Smn —Sm| = Rit Re+--++Ra<e, ee IN (4) 


However, since the series La, converges to the limit a’, we have for 
some value ™m, 
[Sn — a’ | <e, m>m,. (5) 


Combining (4) and (5), we obtain 


| Snn — a | <2e, m> ma, VN (6) 
Since the limit ZL S,,, exists, we have from (6) 
m=a 
n=0 


L Sian = a’. 


m=” 

n=n0 
By hypothesis S,,,, has the limit a as mand n become infinite. Hence, 
a’ must be identical with a and the series Ya, converges to a as the 
theorem requires. 
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A similar argument shows that when the given double series Lamn 
is evaluated by columns, the limiting value is again a, the sum of 
the given series. 


Ex. Consider the following double series, which is of importance in the Weier- 
strassian theory of elliptic functions: 


aes Soa ee Eni te rea cmeresit 
Serene Ory TIE IIe Bane aaa aaa 
ee aren ors + Gaye +a + 
eer Te Sars resin eer 
Shere eye eres gore rs dea Cire Oa 


eae pera 


where w; and w; are any two complex numbers subject only to the restriction that 
the real part of (3 =) shall be greater than zero. The points 
t 1 


0) Ss & IN + DD M3W3y 


where 7m, m3 are integers, lie on a network of parallel lines covering the entire 
complex plane. 
The series under consideration is 
vt, 


Q 


where 2’ denotes the sum for all values of 2 except the value for which m, ms 
are both equal to zero. 

This double series may be converted into a simple series and its absolute con- 
vergence established, by selecting the points Q in order along the sides of the 
successive parallelograms as indicated in Fig. 81. 

Let these successive parallelograms be denoted by 


We Bete owed er has 
Let 1 be the least and L the greatest distance of any point of P; from the origin. 
On the perimeter of P; are 8 points Q, such that for each point 


eh ee a 
8] 2B 


On the perimeter of P, are 8 n points Q, such that for each point 
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Hence, we have 
ili on 8 1951 
Y lal = Dara tat es ae 


Since the terms of the given series are less in absolute value than the correspond- 
ing terms of the well-known convergent series included in the braces multiplied 
8 


by a constant B? it follows that the given double series converges absolutely. 


It may be remarked that, on the other hand, the double series 


[1 
> | a 
does not converge; for, on the perimeter of P, are 8n points Q, such that for 
each point we have 


pt Pe 
@| = (nL)? 
Hence, we obtain 
l1(—~ ~<a 8n _ 8 Leet 
Da = wary eects eaaee 


where the series inclosed in the braces is known to be divergent. 


45. Uniform convergence. Suppose we have given a series of 
functions 


ur(z) + u(z) + +++ tule) te--, 


and suppose this series converges for all values of z in a given region 
S which may or may not be closed. We shall speak of S as the 
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region of convergence. In this region the series then defines a 
function, and we may write 


f@) = L Sul) 


where S,(z) = Ss Un(z). We may also write 
1 
f@ = 8S.) + Bn), 


where R,,(z) represents the remainder after the first » terms. 

It is often true that the given series will converge more rapidly 
in the neighborhood of certain points than in the neighborhood of 
others. Let 2, be some point in S. Since the series converges for 
this value of z, it is possible to find, for an arbitrarily small positive 
number ¢, a positive integer, say m1, such that for all values of n > mu, 
we have 


| f(ex) — Sn(z1) | = | Raa) | <e. 


If the value of € is kept constant, it will in general be necessary to 
select a new integer mz, if 2 be replaced by some other value 2 of S. 
If, in the selection of m, the least integer that will answer the pur- 
pose is taken, then with each point z there is associated a particular 
integer m, namely the first integer for which we have | R,(z) | < «, 
where n>m. Wemay then write m(z) as a function of z. Consider 
now the totality of all the values of m corresponding to the points of 
the region S. These values of m may or may not have a finite upper 
limit. In case a finite upper limit exists, we may say that the series 
converges uniformly in the region S. Denoting the upper limit of 
m(z) by M, then for a given ¢ any integer m > M may be associated 
equally well with each value of z. The definition of uniform con- 
vergence may now be stated as follows: 

The given series is satd to converge uniformly in a given region S, 
closed or not, if corresponding to an arbitrarily small positive number e it 
is possible to find an integer m, which is independent of z, such that 
for all values of n > m we have simultaneously for all values of z, in 
the region S, 


| f(z) oak S,(2) | = | Ra(z) | <ane! 


The following example furnishes an illustration of regions of uni- 
form and of non-uniform convergence of a series of functions, 
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Ex. 4. Given the series 


a 2 


ifatdtae tt Sapa 


2 


This is a geometric series; hence, we have 


é 1 
Sn@) =1+2 2 eas 


We shall consider the character of the convergence of this series for finite values 
of z = p(cos @ + sin 6) in the region defined by the inequalities 


> eal 
p=0, 4 


In this region the series converges and defines the function 


O= abe foe Bs) 
= 0, for z2=0. 


While the given series converges in the region indicated, that region is not to be 
understood as the whole of the region of convergence. The remainder after the 
first n terms is, in the region under consideration, 
1 
RZ) = ata 


= (). ioe 2 10). 


ior 2520, 


For an arbitrarily small e, there corresponds to each value of z an integer m such 


y 


that 
| Rn(z) | <«, > Ni. 


But there is no integer m, however large it may 
be chosen, that answers this purpose simultaneously 
for all values of z; for, suppose we take m = G, 
chosen as large as we please, then for 1. > G we may 
always find values of z such that 


RS socal 
(+ 2)n 


We need only choose z so that | z | is sufficiently 
small. It follows then that the given series is non- 
uniformly convergent in the region selected. 

Suppose we now restrict the region by excluding 
a region about the origin; that is, let 


=r, whereO <r <1. Fig. 82. 


| Rn, (2) | = 


p 


The lower limit of | 1 + 2 | in the new region is then V1 + r‘, which is the value 
of |1 + 2 | when zis at P or Q, Fig. 82. Hence, the upper limit of 


| Rn(Z) | 


=| ee 
= + 2)" 
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1 
cael 
(1+ rt) 2 
every z of the region we have 
|\Rn@)|_<¢6- n> m, 
1 
put al 


(L+rt) 2— 


for a given n is In order to determine a value of m such that for 


2 loge 


~ jog (1 +74) 


Then for all values of n > m > m’, we have 


whence i = il 


|Rrz|= <6 


| 1 
(1 +- PEE 


irrespective of the value of z in the finite region where 


In this region then the given series converges uniformly. 


It will be observed that the region of uniform convergence may not 
coincide with the region of convergence. In fact, it is frequently 
more restricted than the region of convergence. As a convenient 
test for uniform convergence, we have the following theorem, due to 
Weierstrass. 


THEOREM I. (Given the series 
ur(Z) + u(z) + +++ tun(z) tees. 


If for all values of z in a given region S, closed or not, we have for all 


values of n 
eta) s =n e. 


where XM, is a convergent series of positive constants, then Du,(z) 
converges absolutely and uniformly in S. 


The absolute convergence of Lu, follows at once from the fore- 
going discussion of absolute convergence, since by the conditions of 
the theorem we have | u,(z) | = M, and 2M, is convergent. 

The uniform convergence of the series may be established as 
follows. Since the series UM, is convergent, we can find a number — 
m such that 


co 


IM 16: 


n=m+1 
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Moreover, we may write 


m+p m+p a) 
DGG aie itp = 1) 2) 3,. 2. 
m+1 m+1 m+1 
Consequently, we have 
m+p 
|Rn(z) |= L AO) Foe 
P= | m+1 


Since this relation exists independently of the value z may take in 
the region S, the condition set forth in the definition of uniform 
convergence is satisfied. 

It is to be noted that the foregoing theorem gives a sufficient but 
not a necessary condition for uniform convergence. Other and more 
delicate tests for uniform convergence may be made to apply to 
series of functions of a complex variable,* but the one given is suffi- 
cient to test those series to be considered in the present volume. 

Uniform convergence gives a useful criterion for the continuity 
of the function defined by a convergent series of functions. This 
criterion may be stated as follows: 


THEOREM II. Given the function f(z) defined by the convergent series 
UZ) Valet 2 UZ) 8 
If u,(z) is continuous and the series converges uniformly in a region S 
closed or not, then f(z) is continuous in S. 
We may write the given function in the form 


S(@ = 8,2) + Bz). 


Since the series converges uniformly in a given region S, it follows 
that for any value 2 in S we have, for n > m, 


| Balto) | <6, (1) 


Suppose z takes an increment Az such that 2 + Az lies in S. We 


then have 
| Rn(zo + Aiz) | <e, 


whence 

| AR,(20) | = | Rn(2o + Aiz) — Ra(ao) | < Qe. (2) 
Since S,(z) is continuous in z for all finite values of n, we have 

| ASn(Z0) | = | Sn(zo + Ace) — Sr(zo) | <e. (3) 


* See Bromwich, Theory of Infinite Series, Art. 81, 
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By combining (2) and (3), we obtain 
| Af) | = | ARn(2) + ASn(20) | 
= | AR, (20) | = | AS (20) | 
<3e, | Az ==) Ape) Az 


for all values of Az equal to the smaller of the increments Ajz, Asz. 
Hence, since 3 ¢ is arbitrarily small, | Af(zo) | is arbitrarily small and 
f(z) is continuous at any point z in the region S of uniform con- 
vergence. 

46. Integration and differentiation of series. We shall fre- 
quently have occasion to integrate or differentiate a series term by 
term. The question arises whether the resulting series represents 
the integral or derivative, as the case may be, of the function defined 
by the given series. Suppose a function f(z) is defined by the rela- 
tion 


f@ =wm@) + we) +--+ +ul)+---, 
where the w’s are continuous functions in a region S within which 
the given curve C lies. Denote by S,(z) the sum of the first n terms 


of this series. The integral of the function along the path C, if it 
exists, may then be written 


fiou= f L sou a) 


For any definite value of n, we may write 


ede = f de = f 8,2) de 
y [me oy tle) onl) 4 


Consequently, the result of term by term integration of the series 
defining f(z) may be written 
L Spiedes (2) 
n=0o (OY 
It can not be assumed that the two results (1), (2) are equal. The 
following example furnishes an illustration where (1) and (2) are not 
equal. 


Ex. 1. Given the series, the sum of whose first terms is Sn(z) = nee”. 
Consider the term by term integration of this series where the path C of integra- 
tion is the X-axis from 0 to any point 8, 0 < B <1. 

The series converges for real values of z. The integral along the axis of reals 
is an ordinary definite integral for real values of z. We have then 


i f(z) dz = [i iieaee dz = f*o dz =0, 
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On the other hand, we have 


8 5 B 2 1 2 1 
SE =; Ih, — nz aes = an pone) 
- sf (Q)rder— i) nzZe Gh S316 5 (l-—e — 


n=0co n=0o 2 


Hence in this case we can not integrate the given series term by term. 


We shall now set up a condition by means of uniform convergence 
that will be sufficient for the equality of (1) and (2). This condition 
may be stated as follows: 


THEorEM I. Let f(z) be defined by the convergent series 
din(2) + ua(z) + +--+ + un(Z) + +: , 


where Un(z) is a continuous function for values of z along an ordinary 
curve C. If the series converges uniformly along C, we may integrate 
the series term by term, thus obtaining 


Ric de = { ule) dz+ J u(z)dz+ --- + Jup(z)dz+ --- .(8) 
c Cc a a 


Each term of the series is continuous and hence the integral 
| un(z) dz exists. Moreover, since the series converges uniformly, 
. 
the function f(z) is a continuous function and the integral i f(2) dz 
c 


also exists. We shall now show that the relation given in (3) holds. 
We may write 


f(2) = w(2) + mlz) + + ++ + unl) + Ral2), (4) 


where f?,,(z) denotes the remainder of the given series after the first 
n terms. By formula 3, Art. 17, we have 


[1 dz = {iu + u(z) + +++ + un(z) + Rp(z) dz 
JC Cc 
= f ule dz+ jal dz+ e+ + tin) det | Rale)de. (5) 


For n sufficiently large, say n > m, the integral i R,,(z) dz becomes 


arbitrarily small. For, we have 
[Ro dz Af | Rn(z)|- | dz |. (6) 


As the series converges uniformly, we have for all values of z along C 
eae ral <a; n>m, 
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Hence, from (6) we obtain 
| | Bale) ae <e f lazl, n>m 
C Cc 
=— € . L, 


where L denotes the length of the path C of integration and is there- 
fore finite. Since e+ Z is arbitrarily small, we have 


L | Re(e) de = 0. 


Consequently, when 7 is allowed to increase without limit, we 
obtain from (5) the relation given in the theorem. 

It is necessary also to set up some criterion for the differentiation 
of a series term by term; for, it can not be assumed that the series 
formed by differentiating the various terms of a given convergent 
series is equal to the derivative of the function defined by that 
series. The following example furnishes an illustration. 


Ex. 2. Given the series 


we p sn 2s eso 32 __ sin 4z 
3 4 


5) +.--- 


The series converges for real values of the variable, and defines the function 
5 for values of z lying between —z and 7. Differentiating the series term by 


term, we get 
cosz — cos2z2+cos3z—cos4z+:-:--:. 


This series of derivatives does not represent the derivative of 5; for, it does not 


even converge. or, in order that a series shall converge, we must 
have, as we have seen, the limit of the mn term equal to zero. 
However, in the case under consideration, the limit L | cos nz| does not even 


n=0 


exist for z # 0. 


If the terms of the given series are holomorphic in a given region 
S, we have the following theorem, which furnishes a convenient 
criterion for differentiating or integrating term by term such series as 
we shall have occasion to consider. It also furnishes a condition that 
the function defined by the series shall be holomorphic in S. 


TueoreM II. Let f(z) be defined by the convergent series 
un (2) + tia(2) = > th, (2) eo, 
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where un(z) ts holomorphic in a region S. If this series converges uni- 
formly in every simply connected closed region lying wholly in S and 
bounded by an ordinary curve C, then the series may be integrated or 
differentiated term by term for values of z2in S. Moreover, f(z) is holo- 
morphic in S. 


Since the given series converges uniformly and each term is con- 
tinuous, it follows from Theorem I that it may be integrated term 
by term along any ordinary curve C lying in S. It is to be noted 
that as u,(z) is also holomorphic in S, the integral of each term of 
the series is zero, since C is the complete boundary of a simply 
connected closed region lying wholly in S. We have then 


i f(z) dz =0. 


Consequently, by Theorem IV, Art. 20, f(z) is holomorphic in the 
given region S. 

To show that the given series may be differentiated term by term, 
we proceed as follows. Consider the series 


TU Aa) se at ie ttn) ee, (7) 


where ¢ takes values along the closed curve C. This series converges 
uniformly, a property that is not destroyed by multiplying the terms 


of the series by the factor sage where z is any point within C. 


2 ri ( 
We have then 


Lethe Le etn) 4 1 w(t) ee 1 ult) 
Qri(t—z)?> Qri(t—z)? ' Wri (t — 2)? 271 (t — z)? 


eras 


Integrating term by term, we obtain 
1 f(t) dt 1 uy(t) dt 1 ur(t) dt 


Qridc(t—2z)? 2miJc(t—z)? | 2ridc(t — 2)? 


1 Un(t) dt 
Ny om Gane. 


From Art. 20, it will be seen that the terms of this series of integrals 
are the first derivatives of the terms of the given series. We have 
therefore 


f@ =w@ +m +--> +uw'@+::: (8) 


for any value of z within C. But C is any closed curve in S; hence 
(8) holds for any values of z in S as stated in the theorem. 
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Ex. 3. Given the series 
1 Zz ee Be 
1-505 95607 9b 0 n= Ime ene) 
This series converges uniformly in any region bounded by a circle about the 
origin, which is situated within the unit circle. It represents the function * which 
is given, except for z = 0, by the expression 
1 ee ve 
ED) ON se Ve 
The indefinite integral of this function is readily found by integrating the given 
series term by term, thus obtaining 


A As 


+3 


ee z3 Be 
Les Ss CSO UE nO) a 


Ex. 4. Given the series 


C+ + 


35 


2 2 Ai 


faa Sib aa yaligin a e 
This series converges uniformly in any finite region. The derived series is 
ee Ca Fa 


1 ie Teng aeee 


Consequently, the second series represents the derivative of the function defined 


by the first. 


47. Power series. A series of the form 


(oe seo gO cy a a (PA IG 
where n is a positive integer and 
Qn = An + tbn = pn(cos 6, +7 sin On), 
z=x2+ wy =r(cos¢+ising), 
is called a power series of complex terms. A more general form of a 
power series may be written 


ao + ay(2 — 2p) + a(z— 20)? + aie + an(z — 2)” etme 


To distinguish the two types, we may speak of the second as a power 
series in (2 — Z). For the sake of simplicity we shall confine our 
discussions for the most part to power series of the first type. In 
doing so there is no loss of generality, as power series in z — z) may 
be readily transformed into series of this type. Because of their 
importance, we shall consider some of the special properties of the 
power series. Among these properties is the following: 


* Schlémilch, Ubungsbuch zum Studium der Héheren Analysis, 4% Ed., Vol. 2, 
p. 239. 
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TuHreoreM I. If for some positive nwmber G we have for all values of n 
| on | + | 20" | = G, 
where 2 is a constant value of 2, then Xan,z” converges absolutely for all 
values of zfor which | z| < | 2|. 
Denoting the modulus of z by 7, we have by the conditions of 


the theorem 
Prto" = G. 


The series of absolute values may be written 


= if TaN g 
=q ee 


The series within the braces converges to the limiting value 


To 
if we have r <7. Consequently, for |z|< |2|the series of 
moduli converges, and hence the given series La,z” converges abso- 
lutely as the theorem states. 


Ex. 1. Test the convergence of the series 
: 1 Iles 1 
sin Zz + 5 sin’z +3 sin’z +> sin”2 fees, 


The given series is a power series in sin z. If we put 
Vi) ial 2, 
we have 
ws w" 


w 
Wiese vagaries te aaa A Ee ie? 
This series converges for | w | < 1; for, we have then 


ayy 
—| <1 


1 


for all values of n. By the foregoing theorem the series converges absolutely 
within the circle of unit radius about the origin in the W-plane. 

To find the region in the Z-plane within which the given series converges, it 
is necessary to map upon the Z-plane the circle about the origin in the W-plane 
having the radius 1 by means of the relation 


w = sin z. 
We have then 


u+w =sin(c +7y) =sinxzcoshy +7coszsinh y, 
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whence : ; 
u=sinwcoshy, v =cosasinhy. 


The equation of the circle in the W-plane is 
w@+t+u= 1. 
Substituting the values of wu, v in terms of x, y, we get 
sin? x cosh? y + cos? x sinh? y = 1, 


which reduces to the form 
cosh 2 y = cos2z + 2, 


or 
sinh? y = cos? z. 
The portion of the fundamental region — 5 <zc= 5 for sin z bounded by the 


curve given by this equation is shown in Fig. 83 and 84. 


V 
YG 
mus cu 
2 5 2 XG at) 
Hig. 83: Fig. 84. 


TuHeorEM II. If the power series Lanz” converges for 2 = 2, it 
converges absolutely for all values of z for which |z| < | 2 |. 


This theorem follows as an immediate consequence of Theorem I. 
For if the given series converges for z2 = 2, then there must exist 
some positive number G such that for all values of n 


Jan |+ | 20" | << G, 
and consequently the series Xa,2” converges absolutely for values of 


z for which | z| < | 2 | as the theorem requires. 
We have also the following theorem. 


TueoreM III. If the power series Lanz" is divergent for z = x, 
then it is divergent for all values of z for which | z| > | 2 |. 


By hypothesis the given series La,z" is divergent for z= 2. It 
must then be divergent for all values of z where | z| > | a |; for, if 
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it is convergent for any such value of z, say 2, where | Z| > | a |, 
then it must, by Theorem II, be convergent for all values of z whose 
modulus is less than | 2, | and therefore for z = 2, which is a contra- 
diction of the given hypothesis. From the contradiction the theorem 
follows. 

Theorem II states that if a given series converges for z = 2, then 
it converges within a circle about the origin having a radius equal 
to | zo |; and Theorem III states that if it is divergent for z = 2, then 
it is divergent for all values of z exterior to the circle about the origin 
whose radius is | 2; |. Nothing is said about the convergence of the 
series within the region between these two circles, or indeed upon 
the circles themselves, except at the points z and z. The question 
presents itself as to whether it is possible to find a circle about the 
origin of radius R such that the given power series shall be convergent 
for all values of z where |z|< R 
and divergent for all values of z / YA = 
where |z| > R. : 

It may be shown as follows that © 
such a circle of radius R always 
exists, where R may be zero, finite 
and different from zero, or infinite. 4 
Let as before 2 be a point of con- \— 
vergence and % a point of diver- (—— 
gence of the given series. Denote ‘= 
the moduli of 2, 21 by po, pi, respec-  [— 
tively. Then we must have po =p. 
If po = ps, we can take FR equal to 
the common value. If po < p:, lay off upon the X-axis the distances po, 
p:. Consider the point a, = at oe For z = a, the given series is 
either convergent or divergent. Let us suppose that it is convergent. 
Then by Theorem II the series is convergent for all values of z within 
the circle about the origin whose radius is aq. The region of doubt 
lies now between the two circles of radii a, p1, respectively. Consider 
the point az = pee z oF Rorigae ad, the series is again either con- 
vergent or divergent, say divergent. Then for values of z such that 
|z| > ad the series is divergent by Theorem III. The region of 
doubt now lies between the circles of radii a, a2, respectively. 
Proceeding in this manner we shall obtain upon the X-axis an 


HiTGeeoos 
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infinite sequence of intervals each lying in the preceding one. 
Moreover, the length of the intervals has the limiting value zero. 
These intervals therefore define a definite number R. If we now 
describe a circle about the origin having R as a radius, we can say 
that the given power series converges for values of z for which 
|z|< and diverges for values of z for which |z| >. For 
z = R the series may or may not converge. 

This circle whose radius is R is called the circle of convergence 
of the power series, and R isthe radius of convergence. The radius 
of convergence may be equal to zero, in which case the given power 
series converges for z = 0 only, or it may be finite and different 
from zero, or it may be infinite, in which case the given series con- 
verges for all finite values of z. Nothing can be said from the dis- 
cussion thus far concerning the convergence of the series for points 
on the circle of convergence itself. As a matter of fact a power 
series may converge absolutely at every point on the circle of conver- 
gence, or it may converge conditionally at every such point, or it may 
converge conditionally at certain points upon this circle and diverge 
at other points, or finally it may diverge at all points upon this circle.* 

We shall need methods by which we may determine the radius 
of convergence of a given power series. It evidently depends upon 
the coefficients of the given series. A relation between the radius of 
convergence and the coefficients of the given series is given by the 
following theorem. 


TuHeorEM IV. If the coefficients of the given power series Lanz” are 


An+1 


such that the limit L 


n= 


exists, then the value of this limit is equal 


n 


to the reciprocal of R; that is, it is the reciprocal of the radius of con- 
vergence of the given series. 


Put 


I ee ; ae 
To prove that 43 equal to the radius of convergence, it is neces- 


sary to show that the given power series converges for all values of z 
1 : 
where | z | < A and diverges for all values of 2 where | z | > Le 


A 


* See Encyclopédie des Sct. Math., 11;, p. 15. 
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We may readily show that the power series converges for values 


of z where | z| < 5. As in the demonstration of Theorem I, let 


Qn = pa(cos On, +72sin6,), 2=r(cosd¢+ ising). 


By Theorem III, Art. 42, the given power series converges if the 
series of moduli 


LE a IEE <9 bs OO 8S lg EC (1) 
converges. ‘This series converges if we have 


npr n 
EE EN pee ee 


n=co pate n=0 Pn 
By the condition of the theorem we have 


An+1 
An 


Lp HL 


n=00 Pn n=c0 


=A. 


Hence the condition that (1) converges is that 


TA aL: 
ih 


that is, [tee 


Consequently, the given series converges for all values of 2 within 


the circle of radius ue 


A 


The given series likewise diverges for all values of 2 without the 


: Peas ; : 
circle of radius =: ‘To show this, suppose it to converge for some 


A 
value 2 without this circle. Let 2 be any point outside of the 
circle such that | 2: | < | 2 |. Then by Theorem II the given series 
converges absolutely for z:. We have then the convergent series 


(ee al ss oa Oye BY eas i om (2) 


However, we have 


RG i ie 


n 


=A > i 


n=0 Prl'1 


since 7 > i This result contradicts the conclusion that series (2) 


is convergent. From this contradiction it follows that Lanz” can 


not converge for any value of z exterior to the circle of radius oe 


A 
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Since the given series converges for all values of z within the 


a t bin il ae 
circle about the origin having the radius a and is divergent for all 


values of z without this circle, it follows that 5 must be equal to R, 


the radius of convergence, as the theorem states. 
The application of Theorem IV to the problem of determining the 


On+1 


radius of convergence depends upon the existence of the limit L 
The theorem gives a sufficient but not a necessary condition for 
convergence. There are convergent series for which this limit does 


not exist. The following series furnishes an illustration. 


Ex. 2. Given the series 


1 Les 1 3 1 4A wer ps Meena bolt yess me 
ep taag? ica ge Tonge” gaan 


This series is convergent for | z | < 1; for putting z = 1, we get a series whose 
n 
terms are less than the corresponding terms of the convergent series x (5) : 


oscillates between > and 7 


An-+1 Qn+1 


The limit ZL 


n=0o | An 
depending upon whether an even or odd term is taken as the n‘” term. 


does not exist since 


an 


The following theorem * gives us a means of determining a radius 
of convergence that is applicable to any power series. 


THEOREM V. Given the series > ang"; and let pp = |an|. If A 
n=0 


is the maximum limit of the sequence 


a ye 20 
Pl, Nay V ps, wiKet (ery pas Se) (3) 


Lae : : : 
then = is equal to the radius of convergence of the given series. 


A 


By the maximum limit of a sequence is understood the largest 
number that can be obtained as the limit of a subsequence of the 
given sequence. In the particular case under discussion we are to 
consider the various subsequences that may be selected from (3) and 
denote by A the largest number that can be obtained as the limiting 
value of any of these subsequences. 


* This theorem was first demonstrated by Cauchy. See his Analyse Alg., 
p. 286, also Encyclopédie des Sci. Math., Iz, p. 6. 
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We wish to show that the given series converges for 
il 
| 2| < ae 


that is, i the circle C (Fig. 86), having the origin as a center 
and R = ; 3 as aradius. Let 2’ be any point 

within the circle C. We have then 

nie 


[2 , where 0 <e. 


ce 
There are at most a finite number of ele- Lat 
ments of the sequence (3) greater than or 
equal to A +e. Suppose m is the largest of 
subscripts of these elements. We have Fic. 86. 

hen 


[2] a =A eV pi, n>m, 


or oN on <1, De 
We therefore have 
Pale a) = fone”) <1 mi Sm, 


It follows from Theorem I that the series >) az", and hence the 
n=m+1 
given series, sae absolutely for all values of z within the circle 


whose radius is-~ z a - As e¢ is arbitrarily small it follows that the 


series La,z” converges absolutely within the circle C. 
We wish now to show that the given series diverges for 


l2|>4: 
Let 2’ be any point exterior to the circle C. We have then 
i Nee 1 
|z og pepe e> 0. 


There are now an infinite number of elements of the sequence (3) 
greater than A — e; that is, for an infinite number of values of n 


we have 
1 


Va oe Ven, 
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or 


Se 


Then for | z| = | 2’ | we have, for an infinite number of values of 
n 
Pr War =s| cnet ce Le 


: : 1 
Consequently, the given series Lanz” can not converge for | z | > ae 
Since La,z” is convergent for all values of z lying within the 


circle of radius Sand divergent for all values of z lying without this 


circle, it follows that 4 is equal to R, the radius of convergence, 


which establishes the theorem. 

Whenever the sequence (3) has a definite limit as n becomes in- 
finite, the various subsequences have the same limit and hence the 
maximum limit is the limit of the sequence. It will be observed 


n+l 


also that whenever both the sequence (3) and the ratio have 


n 
a limit, the two limits are the same, since both are the reciprocal of 
the radius of convergence. Theorem V often enables us to de- 
termine the radius of convergence even if the sequence (8) has no 
definite limiting value. 


Ex. 3. Determine the radius of convergence of the power series given in Ex. 2. 
We have the sequence of positive values 


1 vee “Vv 1\r ae 2n 1\"/1\" 
9? a 5 es (5) G ) (5) (a) ++. 


The limit of the subsequence in which the odd roots alone are taken is 


: n n—1 
7 eo | fee i ey am We fl Ray T os 
1\r 1\741 1\2n—1 1\2n—-1 
2H, V(5) (3) = 2.(3)” (3) 
n—1 1 
1\2n—-1 1\2n—1 
= hala) 2ula) 
n=0 6 n=o \“ 
pack a @ 
v6 


The limit of the subsequence in which the even roots alone are taken is 


n 


2 1\" /1\" 1\2n 
1b, = On = = = 
EM(3) (3) > £.(8) 
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No other subsequence has a different limit and hence the sequence 
ae ki eae) i 
Pl, V po, Vy i, Sates Vpn, Fata 
Ae | : : head E 
has the limit a and the radius of convergence of the given power series is V6. 
6 
The following theorem is of importance in the discussion of ana- 
lytic functions. 


TueoreM VI. The power series Nanz” converges uniformly in the 
closed region bounded by any circle about the origin whose radius is 
R’ < R, where R is the radius of convergence of the given series. In 
the open region bounded by the circle of convergence the power series 
represents a function which is holomorphic. 


Let R” be any number such that 


1a eee eed fe 
Then the series of positive terms 
eon renee hope 2 (4) 


converges. For values of z such that |z| = R’ the terms of the 
given series are less in absolute value than the corresponding terms 
of (4). Hence, by Theorem I, Art. 45, the given series converges 
absolutely and uniformly in the closed region bounded by the circle 
of radius R’. 

Since any closed region bounded by an ordinary curve C and 
lying wholly in the open region bounded by the circle of convergence 
can be included within a circle of radius R’ < R, it follows that the 
given power series is absolutely and uniformly convergent in every 
such closed region. Therefore, by Theorem II of the last article 
the given series represents a function holomorphicinthe open region 
bounded by the circle of convergence, as stated in the theorem. 

The foregoing theorem states nothing, however, as to the uniform 
convergence of the given power series in the open region bounded by 
the circle of convergence. 


Ex. 4. Consider the convergence of the series 


Cen Ae or 
Ne ry cay aa a Mg clin ea ae 


The circle of convergence has the radius 


236 INFINITE SERIES [(Cxar. VI. 


The remainder R,(z) after the first n terms is 


2” 
Rr(z) — 2r1(2 — z) : 
As | Rn(z) | for any value of n may be made as large as we choose by taking ezal 
sufficiently near 2, it follows that there is no number m independent of z, such that, 
for all values of z within the circle of convergence, 


| Rn(z)|<e n>m. 


Hence the series does not converge uniformly in the open region within the circle 
of convergence. 


However, for all values of z within a circle about the origin having a radius 
R’ < 2, there exists a number m such that for n > m, we have 


an 


| Rn(z) | = PAZ — 2) 


< 


Consequently in the closed region bounded by a circle of radius R’ < R the 
given series converges uniformly. 


The following theorem gives a condition under which a power 
series is uniformly convergent in the closed region bounded by the 
circle of convergence. 


TueorEM VII. If Yanz" is absolutely convergent at one point on 
the circle of convergence, then it converges absolutely and uniformly in 
the closed region bounded by the circle of convergence. 


If the given series is absolutely convergent at one point on the 
circle of convergence, say at z = 2, we know from the definition of 
absolute convergence that the series © | a, | R" converges, where R 
is the radius of convergence. However, any point on the circle 
whose radius is R gives the same series of moduli. Hence, for 
values of z such that |z| = R the terms of the given series are not 
greater in absolute value than the corresponding terms of © | a, | R". 
Hence by Theorem I, Art. 45, the given series converges absolutely 
and uniformly in the closed region bounded by the circle of radius R. 


2 


' ; gn 
Ex.6. Given the series pe the character of whose convergence is to be 
a 


examined. 


This series is absolutely convergent for z = 1, since the series of moduli * is 
convergent. Hence, by Theorem VII the series converges absolutely and uni- 
formly in the closed region bounded by the circle about the origin whose radius 
is 1. 
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The function represented by this series (Theorem IJ, Art. 45) is 
continuous in the closed region bounded by the unit circle, and by 
Theorem VI is holomorphic within this circle. This particular func- 
tion,* however, is not holomorphic upon the unit circle itself. 

Corotuary. Jf La,z" is divergent or conditionally convergent at 
any point on the circle of convergence, then rt can be at best only condi- 
tionally convergent at any other point on this circle. 

This proposition follows as a consequence of Theorem VII; for, 
if the given series is absolutely convergent at any other point on the 
circle of convergence, then by Theorem VII, it must converge abso- 
lutely for all values of z for which |z| = R, the radius of convergence, 
and this is a contradiction of the hypothesis. Hence, if the given 
series converges at any other points on the circle of convergence, it 
must converge conditionally. 


nr 
Ex.6. Consider the character of the series >= . 
This series is conditionally convergent at z = —1. It is divergent at z = 1. 
Hence, in this case, the series can not be absolutely convergent at any point on 
the unit circle. 


For the differentiation and integration of a power series we have 
the following theorem. 


TueoreM VIII. The power series Lanz” may be differentiated or 
integrated term by term in the open region bounded by the circle of con- 
vergence. The circle of convergence of the resulting series is the same 
as that of the given serves. 


That the given power series may be integrated or differentiated 
term by term in the open region bounded by the circle of conver- 
gence follows from Theorem II of the last article by the same reason- 
ing as was employed in the demonstration of Theorem VI. 

The resulting series in either case has the same circle of conver- 
gence as the original series. We shall show this to be true for term 
by term differentiation. A similar argument will establish the truth 
of the statement for term by term integration. The series of deriva- 
tives 

f= wl +w@ +--+ +ul'@+--- (5) 
is a power series. By the first part of the theorem under considera- 
tion the series (5) converges for all values of z within the circle of 
radius R. We must show that it is divergent for values of z exterior 


* See Picard, Traité d’analyse, 24 Ed., Vol. 2, p. 74, 
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to the circle of radius R. Suppose it should converge for some value 
z, exterior to this circle. Then for values of z such that |z| < R”, 
where R < R” < | 2, |, the series (5) converges uniformly and can 
be integrated term by term. As a result of integration we should 
have the original power series, except as to an additive constant, 
and this power series must then converge for all values of z such 
that |z|< R’. This, however, is impossible since values of 2 ex- 
terior to the circle of convergence of the given series are thus included. 
From this contradiction it follows that the series (5) can not con- 
verge for values of z exterior to the circle of radius R. Since the 
series (5) converges for all values of z within the circle of radius R 
and diverges for all values of z exterior to it, it follows that # is the 
radius of convergence of (5) as stated. 

48. Expansion of a function in a power series. We have seen 
that in the open region bounded by the circle of convergence, a 
power series represents a function which is holomorphic. We shall 
now show that a function may be uniquely represented by a power 
series in the neighborhood of any point of a region in which it is 
holomorphic. Moreover, we shall develop a method for obtaining 
the required power series. The results may be stated in the follow- 
ing theorem. 


TueoreM I. If f(z) is holomorphic in a given region S, then in the 
neighborhood of any point z in S, f(z) can be represented by a power 
series in (2 — 2), and that in one and only one way, namely: 

Ul 2 e [n] 2 
opie) emt Gea ae) Gee 


n! 


Let 2 be any point in the given 
region S. About the point 2 as a 
center draw the circle C, having the 
radius r and lying within S. Let the 
complex variable ¢ take values corre- 
sponding to the points of C. For any 
point 2 within the circle, we have then 


2—2 
|z—z|<|t—2a|, or ar 
Fig. 87. . F 
Consider now the series 
1 Z— & (z — 2)? (220) 
i=4 | Coat) ta eG eee 
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This series converges for values of z within C and represents the 


function Pas for, it is a geometric series having the ratio j ' 


Considered as a series in the complex variable ¢, it converges uni- 
formly upon the circle C; for, |z— 2 |and|¢ — 2|=r are then 
both constant and the series of maximum numerical values 


1 = 
ae ae 


vf dias a 


le—< lz — a" 


ORG vag 


converges. The uniformity of the convergence is not disturbed if we 
multiply each term by f(t). We thus obtain 


f(t) SO = 70) 1) (eo — eo) FU) 
t—z - 2 +! eae a 720) 
(2 — 20)"f@) d 
a Goan = ayer tee, (2) 


Since this series converges uniformly, we may integrate it term by 
term with respect to ¢, the integral being taken around the circle C. 
We thus obtain 


PRE I OKS sas f(t) dt f(t) dt 
I=s55 gi 2 2 precy aie 20) Ft c(t — )? 
fae ar aki ese nye Lisa ipo Ee (3) 


271 JSC (t — ae 
Each of these integrals is a constant, and we have by Art. 20, 


{M@) _ 1 f(t) dt = 
n!  -2Qq7i C(t — 2)" t?’ Wy AN Pd 


Replacing the integrals in (3) by their equivalent values in terms of 
the successive derivatives of f(z), we have for 2 = & the required 
expansion known as Taylor’s series, namely: 


T(®) = Fo) + £ (#0) (2 — 20) ee: — 


f(Zo) 
n! ( 


(2—%o)? 


tee e Ht Z— A)" tees, (4) 

For 2 = 0 we have for the expansion of the given function in the 
neighborhood of the origin a special form of Taylor’s series known as 
Maclaurin’s series, namely: 


co 22 ZO, 


n! 


Fe) =f0) + (0) 2 eee staecae 


Meee, (4% 
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Within the circle C, that is in a neighborhood of 2, the given 
function f(z) can therefore be represented by a power series. More- 
over, within C the given function can be represented by a power 
series in (2 — 2) in only one way. For convenience put 


FOC) _ 


n! 


ne 


The series (4) can then be written 
ay + on (2 — 2) + ae(e — %)? + +++ tanle—a)™+--+. (5) 


Suppose it is possible that within a circle Ci, whose radius is equal to 
or less than that of C, f(z) can be represented by a second power 
series, say 


2) = Bot Bi — 20) te B22 2p) ee a Cale — 20) 0) 
Subtracting (6) from (5) we have 


O = (a — Bo) + (a1 — Bi) (@ — 2) + (a2 — Be) (2 — 2)? 
to++ + 4+ (an — Bn) (@— a)" ore. (7) 


This relation holds for all values of z within C,, hence for z = 2. 
Putting z = 2, we get 


0 =a).— Bo, Or a= fo. 
For z ¥ 2, however, we have 
O=(ai—6:1) @—20) + (a2— Be) (2-20)? + - +> + (an—Bn) (2—20)"-+ >: 
Dividing by (2 — 2), we obtain 
O = (a1 — Bi) + (a2 — Be) (@ — 20) + + + + +an— Bn) (e—e)"-1+--- 


This series converges uniformly within or upon any circle about 
2) as a center and lying within Cy. Hence it defines a continuous 
function, say #(z). Since ¢(z) is continuous and equal to zero for 
2 ~ &, we have for z = &, 


$a) = L 6@ = L0=0. 
Consequently, we have 

0 = ¢() =a —fi=0, or a= fi. 
Continuing in this manner we may show that 


Qn = Bn, f= ULL 2 eee: 


? 
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hence, in the neighborhood of z the given function can be represented 
by a power series in (2 — Zo) in only one way. Since Z is any point 


in the given region S, the theorem is established. 


ie ae : : 
Ex. Expand f(z) = ioe Maclaurin’s series. 


We have 
f(o) = 9, 
AO ep fOy=1, 
Je) al = 2)-*, a = 
IU = 2-381 — 2-4, ae =I, 
$M@ =n11 —2)~ Oth, LON 


n! 
Hence, in the neighborhood of the origin the series 
ztetea2t..-tgt... (8) 


represents the given function. 


It is to be noted that the power series in (z — 2) arising by Tay- 
lor’s expansion of a given function which is holomorphic in a region S 
represents that function for all values of z within any circle that 
can be drawn about the given point z, so long as it lies within the 
given region S and incloses only points of 8; for, it is clear that any 
such circle can be selected as the curve C along which the inte- 
grals are taken that determine the coefficients in the expansion. 
Moreover, if asin the illustration given above, the function is holo- 
morphic within the entire circle of convergence, the series represents 
the function giving rise to it within the whole of that circle. 

We now have shown that every power series defines a function 
which is holomorphic in the open region bounded by the circle of con- 
vergence, and conversely that a function can be expanded in a power 
series in the neighborhood of any point in the region S in which it 
is holomorphic. It will be seen, therefore, that power series play an 
important rdle in the discussion of analytic functions. Indeed, 
Weierstrass based his entire development of the theory of analytic 
functions upon power series. 
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EXERCISES 
1. Determine the circle of convergence of the series 
(a) 1+424+92+1624---, 
(b) aa a [ee Laws 


()1te+5+54+- 


* Pie 


22 
(d) imariees ners 
() 14245454. 
2. Discuss the uniform convergence of the series 
@its ee a+5 rene thet 
z \ 


1424+54+54---454. 


where |\ | > 1. What can be said of the function represented by the second 
series that can not be said of the function represented by the first? 
3. Discuss the behavior of the series 


wo 1) m(m — ae — 2) a 


IL Se it S= 2+ 


for values of z upon the circle of convergence,* 


(a) for m > 0, 
(b) form = —1, 
(c) for -1 <<m =0. 


4. Show that the two series 


ie ies Cl ee less Cleese 

Gs Som) GET OEY aces ee ee 
Le=1 1-3 @—1)? , 1-3-5 (@—1)8 

() 5 ‘904 O98 ond he 3 


have the same region of convergence. 
5. Determine the region of convergence of the series 


z—1 1/z—-—1 
Ted teats 


Find the derivative of the function represented by the given series. 
6. Given the series 

1 zZ (s 

Sp ae eye 4. 


.r 


Verify, by testing the first and second derived series, that they have the same 
circle of convergence as the original series. 


* See Goursat, Cours d’analyse mathematique, 24 Ed, (1911), Vol. 2, p. 43. 
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7. Given the series 


(— 1)” cos?” z 
2n—1 


cos*z , cos’z 
3 5 


cos z — iS of 
For what values of cos z is the series convergent? Determine the corresponding 
region in the Z-plane. Does the series represent a continuous function of z in 
this region? 

8. Given the series 


. te 2 
“Tise' Ore 


Show that this series converges for all finite values of z outside the lemniscate 


M366 8, 


p? = —2 cos 20. 


Show that this series diverges at all points different from zero within and upon 
this lemniscate. 

9. Derive the following expansions and determine in each case the region of 
convergence: 


ae 2 23 
(a) 2 SUA 2 agg tk Sq eee tats 
3 5 7 
(b) Ds ania 
a Ca Ee 
(c) ee Meee gy ee 
2 gs 2! 
ED Ne AN Se Vem Oo et a 
(e) (+2)"=1 + mig + Ae De : 
10. Derive the expansion 
1 2 
Tes shan 


and verify the expansion in Ex. 9 (d) by integration of this series. Derive in 
a similar manner the expansion 


cond? TE 
arc tan z J taak? Paes 
11. Making use of the expansions in Ex. 9, derive the following relations: 
(a) cos 2z = cos?z — sin’z, 
(b) los (5 :: .) = log 1 — log (1 — 2), 
1 2 
= le tele het) Lay 
(c) tan Zz a+ 32 + 75 f- , 
: Ce Cie BE os VR 
(d) sinh z = <= tae =- 3] = 51 + ; 
EER? 2 a 
(e) I Ne aaa pes ek og Rane ey : 


Verify these results by Taylor’s theorem. 


QA4 INFINITE SERIES 


12. From the expansion 
tanzg=z+ 3 32 +aet Lae 


derive the expansion 


13. Making use of the expansions 


23 2 zg 


sin z=2 ait BI mt hy 
2 2 2 
Cees Lao aghast cate 


derive the expansions 


1 zZ 72 
(a) escz => tay tapi t eee, 


ea Ne 
()eeg aoa Le che 
14. Derive the ea. 


(a) aresin 2 =f — Sets gt 


2 4 6 
(b) f 22- eT: as 


COS Z ye Bai 


15. Verify the formule 


sin (a + 8) = sina cos + cosasin B, 
cos (a + 8) = cosacos8 — sinasing 


by means of the power series expansion of the sine and cosine. 


16. Given the expansion 
=| re | aI i+S it: 


By aid of this series prove that 
621+ E22 = Eztee 


and give the reason for each step. 
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CHAPTER VII 
GENERAL PROPERTIES OF SINGLE-VALUED FUNCTIONS 


49. Analytic continuation. In the present chapter we shall dis- 
cuss some of the general properties of single-valued functions. Let 
us first consider how a function which is holomorphic in a certain 
region may be completely represented in that region by means of 
power series. 

Consider, for example, the function 


1 
f(z) a il ae 2 
Expanding this function in a Maclaurin series, we have 
Lt2p- 24+ 24 eee fart eee, (1) 


This series converges within the circle C of unit radius about the 
origin. Since the given function f(z) is holomorphic for all finite 
values of z, except z = 1, it follows from Art. 48 that the series (1) 
represents that function for all values of z within C. However, for 
values of z exterior to C the series (1) does not converge and hence 
can not be said to represent the given function. We may for con- 
venience denote the aggregate of functional values corresponding to 
values of z within C, as given by the series (1), by the symbol ¢(z). 

i! 
t2 
A general definition of an element of an analytic function will be 
given later in this article. Since f(z) can be represented by a Taylor’s 
expansion in the neighborhood of any point of a region in which the 
function is holomorphic, there is similarly an element ¢0(z) correspond- 
ing to any finite point z of the complex plane, except the point z = 1. 
The power series defining these respective elements of f(z) converge 
within circles which may overlap. 

For example let 2 be a point within C, so selected that for some 


z—Zz|< ae Expanding the given 


We shall speak of ¢(z) as an element of the function f(z) = 


values of z upon C we have 


é ibe = : 
function —— ; In powers of (¢ — 2), that is in a Taylor’s series, we 


fi 
245 
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get 
(2 ea) ie 


Let eee aia (2) 


(z — Zo)” 
(1 — 20) 


1 zZ— % 
1 — 2 (1 — 2)? 


aa 


This series is a geometric series having the ratio oe and hence it 
0 


1 = 
converges for values of z such that 
|z—2|<|1— 2; 


that is, it converges for values of z within a circle of Co of radius 
|1 — 2o| about zo as a center. Since the point 2 was so selected that 
at least one point on C is closer to 2 than one-half of the distance 
| 1 — zo|, it follows that Cy must intersect C. 

In that portion of the plane included within these two circles of 


convergence, the given function i is represented by either of the 


two series, each giving the same numerical value for any particular 
value of z within the common region. Consider now an assemblage 


of power series obtained from — such that the corresponding circles 


of convergence cover the entire finite portion of the plane except the 
one point z = 1, which is not a regular point of the given function. 
This assemblage of power series may be said to completely represent 
the given function. 

In the foregoing illustration the function f(z) is given by means 
of an algebraic expression in z, from which the value of the function 
can be computed for any value of z except g = 1. From this ex- 
pression we are able to obtain an expansion of the function in a 
power series in the neighborhood of any point of the region in which 
the function is holomorphic. We shall now show that had we 
known merely the values of the function in ever so small a neighbor- 
hood of any point of the complex plane other than z = 1, say the 
origin, we should have been able, at least theoretically, to com- 
pute the value of the function at every point of the region in 
which it is holomorphic and that without even finding the expression 


dl eee 
Ce at all. The unique determination of the values of a function 


in a more or less extended region by its values in an arbitrarily small 
portion of that region is a general property of functions of a complex 
variable for regions in which they are holomorphic. This property 
may be more exactly formulated in the following theorem. 
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TueoreM I. If a function f(z) is holomorphic in a given region S, 
then it is uniquely determined for all values of z in S by its values along 
any arbitrarily small arc of an ordinary curve proceeding from a point 
of S. 


Let a be a point of the given region S from which the given arc is 
drawn and suppose 8 to be any other point of S. Let a and 6 be 
connected by any ordinary curve £ lying wholly within S and coin- 
ciding with the given are in the neighborhood of a. Let f(z) be holo- 
morphic in S and suppose its values to be given along that portion of 
£ lying in an arbitrarily small neighborhood of a We are to show 
that f(8) is then uniquely determined. Since f(z) is holomorphic in 
the neighborhood of a, its derived functions are also holomorphic in 
the same neighborhood, and hence for z = a the successive derivatives 


TAG), f(y caf CO gee (3) 
all exist. The existence of the derivative f’(a) implies that the limit 


1, flat Ae) = fla) 


Az=+0 Az 


is the same, when Az approaches zero in any manner whatever. 
Hence, the value of f’(a) may be found from the given values of f(z) 
by taking this limit as 2 approaches a along any curve proceeding 
from a, for example along the given curve £. The higher derivatives 
are likewise determined by the given values of f(z). Knowing the 
value of f(z) for z = a and the successive derivatives given in (3) 
we may now write out Taylor’s expansion of f(z) for values of z in the 
neighborhood of a, namely, 


Gat EG at | 


f(a) +f" (a) (2 — a) +" 


This series converges and defines an element ¢o(z) which is equal to 
f(z) for all values of z within any circle drawn about a as a center 
and lying wholly within the region S. Let Cy be a circle satisfying 
these conditions. If the point 8 lies within Co, then the value of 
f(8) is already seen to be uniquely determined; for, in order to find 
this value all we need to do is to substitute 6 for z in series (4). 
If B lies outside of Co, let a; be a point of intersection of the curve L£ 
with Cy. Take a point z on the given curve arbitrarily close to 
a but within Co. The function f(z) is holomorphic in the neighbor- 
hood of z = 2, and the successive derivatives of f(z) for this value of 
z can be found by successively differentiating (4) term by term and 
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substituting 2, for z in the several derived series. The coefficients of 
Taylor’s expansion of f(z) about the point 2 are therefore uniquely 
determined. The resulting expansion is 
f(A) 
v! 


f(a) (g—z)?+++- +5 (z-a)"+---. (5) 


fla) +f" @) @—a) +754 ; 


This series in turn defines an element ¢:(z) which is identical with 
S(2) for all values of z within a circle C, drawn about 2 as a center 
and lying wholly in S. Since 2 was 
taken arbitrarily close to a; and since 
a; is an inner point of S, the circle 
C, must intersect Co. If 8 lies within 
the circle C,, the value of f(8) is 
uniquely determined; for, to find f(8) 
we need merely to replace z by 8 in 
(5). If B lies outside of Ci, then take 
a point 2, on £ lying arbitrarily near 
the point a, where £ cuts C; and 
compute as before the Taylor’s ex- 
pansion of f(z) for values of z in the 
neighborhood of the point z = &. 
Proceeding in this manner, it is pos- 
sible, at least theoretically, to obtain 
after a finite number of operations a 
series which converges within a circle 
Fig. 88: C;, lymg wholly within S and having 
Basan inner point. By substituting 
6 for z in this series the value of f(8) can be found and hence the 
given function is uniquely determined for z = 8. However, 8 is any 
point of S and hence the given function f(z) is uniquely determined 
for all points of S as stated in the theorem. : 

As a direct consequence of the foregoing theorem, we have the 
following corollary. 

Corouuary. If two functions are holomorphic in a given region S 
and are equal for all values of z in the neighborhood of a point z = a of 
S, or for all values of z along an arbitrarily small are proceeding from a, 
then the two functions are equal for all values of z in S. 

Thus far we have discussed for the most part functions which 
were known to be holomorphic in a given region. We have not in- 
quired into the question as to how large that region might be in any 
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given case. By aid of the foregoing corollary we can now consider 
the possibility of extending the region in which a function is known 
to be holomorphic. Moreover, we shall be able to show that an 
analytic function is completely and uniquely determined if it is 
known for any region however small that region may be. 
Let ¢:(z) be defined for the region S,, Fig. 89, and in this region 
fe 


i 


Fig. 89. Fig. 90. 


let it be holomorphic. Suppose it is possible to find a second func- 
tion ¢2(z) which is holomorphic in an adjacent region Se, having an 
are C of an ordinary curve for at least a portion of the boundary 
between S; and S:. Moreover, let ¢:(2), ¢e(z) be each defined for 
values of z along C, end points excepted, and for these values let each 
of these functions be holomorphic and equal to the other. Then for 
values of z in S;, S2 and along C the functions ¢1(z), ¢2(z) define a 
function f(z) which is holomorphic in this enlarged region. The 
function ¢2(z) is called an analytic continuation of ¢i(z), and the 
process of finding such a function is called the process of analytic 
continuation. 

It follows from the corollary to Theorem I that for values of z in 
So, the function f(z) thus defined is uniquely determined. For sup- 
pose that another analytic continuation of ¢,(z), say ?1(z), could be 
found such that in the region S, it has values different from ¢(z). 
We should have a function F(z), defined by ¢:(z) and %,(z), which 
is also holomorphic in the region S; + S, + C, that is, defined for 
values of z in S;, S, and along the are C._ We then have two functions 
f(z) and F(z) each holomorphic in the region S = 8, + S, + C and 
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equal to each other in S;._ By the foregoing corollary these two func, 
tions must be identical throughout the region S. 

It is evident that ¢,(z) likewise may be regarded as an analytic 
continuation of ¢:(z). Either of these functions is uniquely deter- 
mined when the other is known. Instead of having merely boundary 
points in common, the two regions S;, S2 may of course overlap. At 
the points common to the regions S), S: the two functions ¢1(Z), ¢2(z) 
must in this case satisfy the same conditions as at points along the 
are C in the case where the regions are adjacent but do not over- 
lap, namely, they must have equal values and be holomorphic. In 
both cases we speak of the functions ¢1(z), ¢2(z) as elements of the 
function /(). 

If an element ¢.(z) of a function is holomorphic in the neighbor- 
hood of a point, we say that ¢:(z) is continued analytically along a 
curve from a to f if this curve lies wholly within a finite sequence of 
connected regions S;, Se, ... , S, such that ¢:(z) has an analytic 
continuation ¢2(z) defined for S: and ¢2(z) likewise can be continued 
analytically in the region S3, ete. 

The following theorem * sets forth the necessary and sufficient 
conditions for analytic continuation. 


TurorEM II. Given two functions ¢,(z), ¢2(z) which are holo- 
morphic respectively in the adjacent regions S1, S, having an arc C of 
an ordinary curve as that portion of their boundaries common to the two. 
The necessary and sufficient condition that each of these functions is 
an analytic continuation of the other is that they converge uniformly 
to equal values on C. 


It follows at once from the definition of analytic continuation that 
the conditions set forth in the theorem are necessary; for, if either is 
an analytic continuation of the other, then they must have equal 
values along C, and moreover, for these values they must be holo- 
morphic and hence continuous with the values at points within Sj, 
So, respectively. 

To show that the given conditions are sufficient we define f(z) as 
follows: 

f(2) = o1(2) in S; 
= ¢2(z) in Sp 
= oi(Z) = ¢2(z) along C. 

* See Painlevé, Toulouse Annales, Vol. I, p. 28; also Pompeiu, L’Enseigne- 

ment Mathématique, July, 1913, p. 305, 


Arr. 49.] ANALYTIC GONTINUATION 251 


We must then show that f(z) is holomorphic in the region S com- 
posed of S;, S. and the points of C, end points excepted. 
Let y1, y2 be two ordinary curves 
joining any two points A, B of C 
and lying wholly within the regions 
S,, So, respectively. By the Cauchy- 
Goursat theorem, we have 


$u(2) dz + ii giz) dz=0, (6) 
7Y1 AB 


[o@ dz + | g@xlz)dz=0. (7) 
¥2 BA 


Denote by y the curve y: + 72. 
Combine the integrals in (6) with 
the corresponding integrals of (7). 
Since ¢:(z) = ¢e(z) for values of z Fig. 91. 


along C, we have 
feeds + [ole a = 0. 
AB BA 


By definition f(z) is equal to ¢:(z) for values of z in S; and to ¢e(z) for 
values of zin S,. Hence, we have from (6) and (7) 


fie i= foe dz + foe dz = 0; (8) 


Since y is any ordinary curve lying wholly within S and passing 
through A, B, it follows from Morera’s theorem that f(z) is holo- 
morphic for all values of z in S and hence for all values of the vari- 
able along the curve C, end points excepted. Consequently, either 
of the two functions ¢1, ¢2 may be regarded as the analytic continu- 
ation of the other. Moreover, it follows from our previous discus- 
sion that either of these functions is uniquely determined when the 
other is known. 

One of the methods of analytic continuation most frequently em- 
ployed in theoretical discussions is that by means of power series. 
Suppose we have given a power series, say of the form 


igi cz eq) = oem 26)e hak net a2 225)” A ee aN 9) 
Within its circle of convergence Cp this series defines an element 


¢o(zZ) which is holomorphic within Co. Let 2: be any point within Co 
but lying arbitrarily close to Co. Since ¢o(z) is holomorphic in the 
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neighborhood of z = 2, we can compute Taylor’s expansion of go(2), 
obtaining 


dolar) + do!(a) (@ — a) + @ @ — a) 


NT eek GO) 


n! 


Let C; be the circle of convergence of the series (10); then within 
C, this series defines an element ¢:(z) which is holomorphic within 
C;. Suppose C;, intersects Co; then in the region included within the 
two circles Cy and Ci, the elements ¢0(z), ¢:(z) satisfy the condi- 
tions of analytic continuation and consequently define a function 
f(z) which is holomorphic in this region. Either of these elements 
may be again continued by the same means. By this process any 
given element may, at least theoretically, be continued analytically 
by the method of power series until the whole complex plane, with 
the exception of certain points or regions excluded by the inherent 
character of the function f(z) so defined, is covered by overlapping 
circles of convergence. The character of the exceptional points and 
regions will be discussed in subsequent articles. 

The importance of the power series method of analytic continu- 
ation is due largely to its theoretical value. Other methods, although 
restricted in their uses for theoretical discussions, are of much greater 
practical importance in the applications of the theory of functions. 
We shall now consider a method introduced by Schwarz,* in which 
he makes use of the principle of symmetry. Let ¢:(z) be a function 
which is holomorphic in a region S; lying in the upper half-plane and 
having a segment AB of the axis of reals as a part of its boundary. 
Suppose that as z approaches any point w of AB along any path 
whatsoever lying interior to S;, ¢:(z) approaches a definite real value 
g(x). Then by Art. 18 ¢:(x) is a continuous function of z. Denote 
by z a point in the lower half-plane situated symmetrically with re- 
spect to z relative to the axis of reals. The assemblage of points 2 
constitutes a region S. symmetrical to S; with respect to AB. 
Associate with each value of z a functional value which is the con- 
jugate imaginary of ¢,(z). The assemblage of these values defines a 
function ¢2(z) which is holomorphic in S, and converges to the real 
values ¢2(%) = ¢i(x) along the axis of reals. 


* See Crelle, Vol. LXX, pp. 106, 107; also Mathematische Abhandlungen, 
Vol. II, pp. 65-88. 
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In the continuous region S made up of S;, S. and the points along 
the axis of reals between A and B, the functions ¢1(z), ¢2(z) satisfy 
the conditions of Theorem II and hence ¢2(z) is an analytic continu- 


ation of ¢i(z). Each of these func- y 
tions is then an element of a func- 
tion f(z) which is holomorphic in 


S and is equal to ¢:(z) in S; and 
equal to ¢2(z) in Se, and moreover 
f(z) takes the common values of 
the elements ¢1(2), ¢2(z) along the 4, 
axis of reals between A and B. 
The advantage of this method of 
analytic continuation is the ease 
with which the continuation can 
be obtained. All that is needed is | 
to reflect the given region upon 

the X-axis and associate with the reflected region a function which 
is the conjugate imaginary function of ¢1(2). 

We shall now consider a generalization of the foregoing method of 
analytic continuation. To do so we shall make use of a generaliza- 
tion of the idea of reflection. Let the points of the segment AB of 
the axis of reals, which formed a common portion of the boundary 
between the two given regions, be made to correspond to the points 
of a regular arc C of an analytic curve. By an analytic curve is 
understood one whose parametric equations are of the form 


z=), y=), (11) 


Pay 


Fig. 92. 


where W(t), W(t) are real, analytic functions of the real variable t. 
An are of such a curve is regular if we have the added condition that 
the derivatives ,'(t), ¥.’(t) are not simultaneously zero; that is, if 


we have 
[w,'(t) 2? + ’() ? 4 0, yuea aan 


To any point & of AB there corresponds a point 2 = (2, yo) of C. 
As the two functions V(t), W(t) are analytic, each may be expanded in 
powers of (t—to). The resulting series converge for all values of the 
variable within their circles of convergence, and hence t may take 
complex as well as real values. Denoting these real and complex 
values by 7, we have 


g= a+ ty = V(r) + Me(7) = VC), (12) 
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which is holomorphic and has a derivative different from zero for all 
points of AB, end points at most excepted. The function z = V(r) 
is then defined for a region S of the 7-plane consisting of the imner 
points of AB and certain regions S,, S: lying symmetrically with 
respect to AB, Fig. 93. By Theorem II, Art. 21, there exists in the Z- 
plane a corresponding region S’ consisting of the points of C and the 
regions /S;’, So’ lying on either side of C, in which the inverse function 
t = $(2) is uniquely determined and holomorphic. The region S can 
be so restricted that the function z = V(r) and its inverse function 
r = $(z) map the regions S, S’ upon each other, 


Fie. 93. 


Then to any conjugate imaginary points 7 and 7 lying respec- 
tively in S; and Ss, there are associated two corresponding 2-points 
namely z, and 2 lying respectively in S;’ and S,’, and conversely. 
It is to be noted that the particular values of z thus associated depend 
upon the form of the curve C and not upon the form of the parametric 
equations (11) of the curve. Suppose, for example, a different para- 
metric representation of the curve C is obtained by replacing ¢ in (11) 
by an analytic function of any other real variable r. If we then 
permit r to take complex values, conjugate imaginary points in the 
t-plane correspond to conjugate imaginary points in the r-plane, and 
consequently we get the same corresponding values of 2. 

Of the two z-points corresponding to conjugate imaginary values 
of a parameter 7, either is said to be the reflection or image of the 
other with respect to the curve C. Likewise the region S»’ may be 
spoken of as the reflection of the region S,’ with respect to C. 

This definition of reflection with respect to a regular are of an 
analytic curve may now be used in developing a method of analytic 
continuation. Let S,’, S»’ be any two adjacent regions such that S)’ 
is the reflection of S,’ with respect to the regular are C of an analytic 
curve whose parametric equations are v = W(t), y = W(t). Let 
¢i(z) be a function which is holomorphic in S;’ and defined for values 


Arr. 49.] ANALYTIC CONTINUATION 255 


of z along C by its limiting values as z approaches the points of C 
by any path whatever lying wholly within S;’.. We can now state in 
the following form the necessary and sufficient condition that (2) 
may be analytically continued by reflection with respect to are C. 


TuroreM III. The necessary and sufficient condition that ¢,(z) 
can be analytically continued by reflection with respect to the regular 
are C of an analytic curve forming a portion of the boundary of the 
region for which di(z) is defined is that di(2z) converges uniformly to 
real values along C. 


If ¢i(z) can be analytically continued across the are C into the 
region S»’, which is a reflection of iS,’ with respect to C, then for the 
region S»’ a function ¢2(z) is determined such that ¢:(2), ¢2(z) define 
a function f(z), holomorphic in the region S’ consisting of the points 
of C and the regions S,’, S.’. Along C the functions f(z), ¢1(2), ¢2(z) 
take equal values which are continuous with the values taken respec- 
tively in the regions S;’, S,’. As may be seen, the substitution 


z2=a+ty = Wr) 
transforms the functions ¢;(z), ¢2(z) into the functions F,(7), F2(r) 
which are holomorphic in Sj, Se, respectively, and along AB take equal 
values. Moreover, since S,’ is a reflection of S,’ with respect to C, 
S» is likewise a reflection of S; with respect to AB. ‘The function f(z) 
is likewise transformed into a function F(r), holomorphic in the region 
S consisting of the points of AB and the regions S;, Se, such that it 
coincides with F;(7) in S; and with F2(7) in Sp and along AB we have 


Fit) = Fi@) = F.(t). 


The function F2(7) is therefore an analytic continuation of F\(r) 
by Theorem II. 

In a similar manner the substitution 

tT = (2) 

transforms the functions F\(r), F2(7), F(r) into the functions ¢,(z), 
dx(z), f(z), respectively, where, if /2(7) is an analytic continuation of 
F\(r), then ¢2(z) is likewise an analytic continuation of ¢,(z), such 
that ¢1:(z), ¢e(z) take equal values with f(z) for values of z along C. 

Consequently, we see that whenever @¢2(z) is an analytic continu- 
ation of ¢,(z), then F2(7) is an analytic continuation of F;(7) and con- 
versely. The necessary and sufficient condition that F2(7) is an 
analytic continuation of F\(7) leads then to the necessary and sufficient, 
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condition that ¢2(z) is an analytic continuation of ¢:(z). Moreover, 
if f(r) is obtained as an analytic continuation of Fi(r) by means of 
Schwarz’s method of reflection, then ¢2(z) is a continuation of ¢1(2) 
by reflection with respect to the arc C. But as we have seen the 
necessary and sufficient condition that F,(7) can be analytically 
continued by reflection upon AB is that Fi(r) takes along AB real 
values which are continuous with the values taken by this function 
in S;; that is, that 7i(7) converges uniformly toward real values 
along AB. Accordingly the necessary and sufficient condition that 
¢i(z) can be analytically continued 
across C by reflection is that ¢1(z) 
converges uniformly to real values 
along the are C as the theorem re- 
quires. 

Let us now apply this method of analytic 
continuation by reflecting a given region 
with respect to an are of a circle. Let C 
be any circle having its center at O, Fig. 94. 
Let the element ¢:(z) of the function f(z) 
be defined for the region S bounded by 
three arcs Ci, C2, Cs of circles cutting the 
circle C at right angles and suppose that 
Fiq. 94. ¢i(z) converges uniformly to real values 
2 along Of C, Gs 

We shall now reflect the region S with respect to one of these ares, say the are 
C;. In order to accomplish this we shall first show that the reflection of any 
point of S with respect to C; is the conjugate point obtained by geometric inver- 
sion of the given point with respect to the circle of which C; is an are. 

To show this consider the parametric equations of C;. Suppose the center of 
C, to be the origin and its radius to be unity. Then any functions 


z2=Vi7), y=(t), 


which satisfy the equation 


ey? = 1 
will answer our purpose. For example, we may put 
ewe 2t 


v 


The functional relation (12) which maps the 7-plane upon the Z-plane is then 


: 1—7? eT 
Das aie rare ae cere 
SUS 2m ee en)s 
ee ee 
spar 


sie (14) 
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Let 21, 22 be the points of the Z-plane corresponding respectively to the conjugate 
imaginary values 7 + irs, 71 — tr, of the r-plane. We have then from (14) 

1 + i(r1 + tr2) ard aan —T2 

i = a(r1 + ire) i — 71 + Ta 

1+%(1—itr) I+%+r. 


1 — t(71 — 272) a =m Say 


4 =%+ iy = 


and 2 = t+ iy, = 


whence, we obtain 


, 1 
X2 + iYy2 = ee iys’ (15) 
see nate Uyee 
be ma a= ieee 
Equating the real parts and the imaginary parts, we have 
compe © Mt jp (16) 


aa! 
ay + yr 


By comparing with the equations of transformation given in Art. 38, it will be 
seen that the reflection of z: with respect to the are C, is merely the conjugate 
point of 2 with respect to C\. 

The foregoing conclusion gives us a convenient method for determining the 
region S; which is the reflection of S with respect to C; and hence for determining 
an analytic continuation of ¢:(z). Since C’ cuts Ci; at right angles, the circle C 
inverts into itself. The points a, b remain unchanged, and the point c goes over 
into c’. As C, likewise cuts the circle C at right angles, it inverts into a circle 
C,/ perpendicular to C and passing through c’ andb. In asimilar manner the curve 
C; goes over into the curve C3’ passing through the points a, c’ and cutting the 
circle C at right angles. The region S is then reflected into the region S;. Asso- 
ciating with each point of S; the conjugate imaginary value of ¢1(z), where z is 
the corresponding point in S, we have by Theorem II ¢2(z), an analytic continu- 
ation of ¢:(z). , 

In a similar manner ¢; (z) is an analytic continuation of the given element 
¢:i(z) by reflection with respect to C2 and ¢4 (z), by reflection with respect to C3. 
Continuing this process it is possible to enlarge the region S originally given, so 
as to include in the limit the entire region bounded by C. 


50. Analytic function. By the aid of the results of the preced- 
ing article concerning analytic continuation, we can formulate more 
exactly the definition of an analytic function. If we know the values 
of a function and its derivatives at any point a, then, as we have 
already seen, an element ¢;(z) of that function is uniquely deter- 
mined. By analytic continuation we can extend the region in which 
the function is thus defined by determining other elements of the 
function and their corresponding regions. This extended region 
forms a connected region S within which a function is defined by 
means of its elements. If we now suppose the region S to be extended 
as far as possible by means of analytic continuation, then the corre- 
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sponding aggregate of elements fully defines a function f(z) in S 
such that f(z) is equal to each of its elements ¢(z) for those values of z 
for which ¢(z) is defined. The function f(z) so defined is called a mono- 
genic analytic function, or more briefly an analytic function. As it 
is impossible to further extend this region S, it is called the region of 
existence of the analytic function f(z). The element from which the 
other elements are obtained by the process of analytic continuation 
is called the primitive element of the function, and the remaining 
elements become analytic continuations of it. 

The region of existence consists of a continuum of inner points, 
each of which is a regular point of the function f(z). The region of 
existence may extend over the entire finite portion of the complex 
plane. On the other hand, it is possible in the process of analytic 
continuation to encounter a closed curve beyond which the function 
can not be analytically continued. In sucha ease the curye is called 
a natural boundary. For example, in the function discussed in con- 
nection with Fig. 94 of the last article, the curve C constitutes a 
natural boundary, since it is impossible to continue the function 
analytically across this curve. A portion of the complex plane into 
which the function can not be continued because of a natural boundary 
is called a lacunary space. Often, instead of a lacunary space, we 
encounter a set of points, not constituting a continuum, which can 
not be included in the region of existence. Such points are not 
regular points of the function, and hence they must be classed as 
singular points. The various classes of singularities of single-valued 
analytic functions will be more fully discussed in the following article. 

Since power series may be used as a means of analytic continuation, 
it follows that an analytic function may also be defined as one that. 
is developable, except in the neighborhood of singular points, by 
Taylor’s expansion. It is to be noted also that a single-valued 
analytic function of a complex variable is uniquely determined 
throughout its region of existence as soon as its values in the neigh- 
borhood of any regular point of that region are given. The particular 
method of analytic continuation employed in extending the region 
from the neighborhood of the given point to the region of existence of 
the function thus determined is a matter of indifference. Moreover, 
any two analytic functions are equal for all values of z in this region 
of existence if they have a common element. 

An important distinction between functions of a complex variable 
and those of a real variable may be noted. If a function of a com- 
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plex variable has a derivative at each point of a given region S, then 
at all points of S it has derivatives of every order, and in the neigh- 
borhood of any point of S the function is represented by the Taylor 
series to which it gives rise. On the other hand, it does not follow 
that if a function of a real variable has at each point of an interval 
derivatives of every order that the Taylor’s expansion derived from 
the function represents that function for all values of the variable in 
the neighborhood of the point at which the derivatives are taken. 
The following example will serve as an illustration. 
22% 

Ex. 1. Given the function f(z) =e ~, x #0, where f(0) =0. Let it be 

required to determine the interval of equivalence of this function and the power 


series obtained from this function by expanding it in a Maclaurin series. 
We have, for x ~ 0, 


f(z) = e © 
1 aft 
——- 2 
f'@) =De #=2-, 
ee ae 
v1 é 9 ca 
Sf (x) Ee eae = (4 — 62? awe 
oe 
ae 
f (a) = G@) ax 
where G(z) is a polynomial in z. 
For z = 0 we have by use of the limit * 
pee k 
a 4 
ee ae Se ev Ay) 
1 
eS Xo) =O) e (Az)? _ 
OE fr Ar . ees [Mi 
1 
IN) ai () e (Az)? 
vt (6) = ae eA = Ly —— ee 
ee Az=0 Ax Azo (Aa)! ; 


1 


e (Az)? 
(Ax)? 


FLU) eel et OT A lant =0, 
Azr=0 Ar=0 


NG z= 


1 


(4H) (qy — e Gay 
POO) 3h, 8H) ares 9 


* See Stolz, Differential-und Integralrechnung, p. 76, also p. 81, Ex. 3. 
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The expansion derived from the given function is a power series, each 
term of which is zero. This series defines, in the interval of convergence, a func- 
tion ¢(z) = 0; that is, the function defined by the series is represented geometric- 
ally by the X-axis. On the other hand, the given function y = f(z) is represented 
by the curve C tangent to the X-axis at the origin, This curve is symmetrical 


Ww 
Hn 


Fig. 95. 


with respect to the Y-axis, and has the line y = 1 as an asymptote as shown in 
Fig. 95. It follows that the function that gave rise to the series is represented 
by that series in only one point, namely « = 0. 


The reason for the distinction pointed out between functions of a 

complex variable and those of a real variable is, so far as the partic- 

1 

ular function discussed is concerned, that while e * is an analytic 
function, the point z = 0 is not a regular point, since the derivative 
with respect to the complex variable z does not exist at the origin; 
although in the realm of real variables the corresponding derivative 
does exist. Consequently, the point z = 0 does not belong to the 
region of existence in the complex plane. 

It is of importance to point out in this connection the distinction 
between an analytic function as defined and an analytic expression. 
The notion of an analytic function implies a definite correspondence 
between the z-points and the w-points of the complex plane. This 
relation may have different forms of expression in different parts of 
the plane. An analytic expression on the other hand is the result 
obtained by performing upon the independent variable the analytic 
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operations of addition, subtraction, multiplication, division, inte- 
gration, etc., including the general process of taking the limit. It 
leads to a formal expression of the relation between z and w. This 
analytic expression, however, may define for different regions of the 
plane elements of different analytic functions. The following illus- 
trations will make clear the distinction. 
Consider the analytic expression 
2 x a 

Ls a 1— 2 
This series converges * for all values of z except for values upon 
the unit circle about the origin. Within this circle the series con- 
verges to the limit 


+... 


filz) = : = 


For values of z exterior to the unit circle the series converges to the 
limit 
fe) =7> 
ay 
Hence, for | z| <1, H(z) may be considered as an element of the 


analytic function , and for |z| > 1 it may be considered as 


zZ 
1l—2z 


an element of the analytic function 


ee In either case the ele- 
ment H(z) may be analytically continued over the entire finite plane 


with the exception of the point z = 1, but in the one case the result- 


ing analytic function is 


neh, while in the other it is 
1—2z oe 


As another illustration, suppose we have two detached regions Sj, 
So. Let ¢1(z), ¢2(z) be elements of two distinct analytic functions 
fiz), fo(z). Suppose ¢i(z) to be defined for S,, within which it is 
holomorphic, and along the boundary C; of S, let it converge uni- 
formly. Let ¢e(z) be defined in a similar manner for S. and along 
its boundary C,. Consider the analytic expression 

T= 1 gilt) dt 1 go(t) dé 


Veh Ge Ue 27 Jc, t— 2 


(1) 


It follows from Cauchy’s integral formula that for values of z within 
S; we have 


_ 1 f eat 
dilz) = 271 Jc, t—Z@ 


* See Bromwich, Theory of Infinite Series, p. 254, Tax. 4. 
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For values of z exterior to S:, the integrand — considered as a 
function of ¢, is holomorphic in S; and hence by the Cauchy-Goursat 
theorem this integral vanishes. Similarly, the second integral in (1) 
defines the element ¢2(z) for values of z within S, and vanishes for all 
values of z exterior to that region. Hence, the expression H(z) is 
equal to ¢:(z) for values of z within C; and to ¢2(z) for values of z 
within C2. It follows then that #(z) defines an element of the analytic 
function f(z) or fo(z) according as z lies within C; or C2. 

51. Singular points and zero points. We have defined a sin- 
gular point of a function (Art. 14) as a point that is not a regular 
point of the function, but in every deleted neighborhood of which 
there are regular points. As we have seen in the previous article 
the singular points of an analytic function are to be considered as 
boundary points of its region of existence, and they may even form 
a closed curve constituting a natural boundary of such a function. 
If a is a singular point of an analytic function f(z), then either the 
‘function has no derivative at the point a itself, or there are points 
in every neighborhood of a at which the function has no derivative. 
In either case the higher derivatives of the function can not exist 
at a, and hence the function does not permit of an integral power 
series development in the neighborhood of a. If we undertake by 
means of power series to continue analytically an element of an 
analytic function along an ordinary curve passing through a singular 
point, the circles of convergence within which the successive elements 
are defined grow gradually smaller as their centers approach the sin- 
gular point; for, as the function is always holomorphic within these 
circles none of them can ever inclose the singular point itself. 

The singular points of a single-valued analytic function may be 
classified as poles, or non-essential singular points, and essential 
singular points. The point z= a is a pole, or non-essential singu- 
lar point, of the analytic function f(z) if there exists a positive inte- 
gral value of k such that the product 


(2 — a)* f(z) 
is holomorphic in the neighborhood of a and different from zero for 
z= a. The integer k is called the order of the pole. 
Thus the point z = 2 isa pole of order 2 of the function 


O02? sel 
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for, multiplying f(z) by (2 — 2)? we obtain the function 32? + 1, 
which has the point zg = 2 as a regular point and is different from 
zero for zg = 2. If k is equal to one, the pole is often referred to as a 
simple pole. 

If no finite value of k exists such that the singularity of the single- 
valued analytic function f(z) at a point a is removed by multiplying 
by the factor (¢ — a)*, then @ is said to be an essential singular 
point of f(z). If a singular point can be inclosed in a circle, however 
small, having that point as a center and containing no other singular 
point of the given function, then the point is said to be an isolated 
singular point. An isolated essential singular point is one that may 
be inclosed in a circle containing no other essential singular point. 
It may, however, have an infinite number of poles in its neighborhood, 
as we shall see later. A point may, therefore, be an isolated essential 
singular point wi:hout being an isolated singular point. 

The following theorem due to Riemann is important in establish- 
ing the character of a function at a point in the deleted neighborhood 
of which it is limited in absolute value and holomorphic.* 


THEOREM I. Let f(z) be holomorphic in a given region S except at the 
point z = a, where the behavior of the function is not known. If for all 
values of 2 ~ ain S we have 


lf@ | <M, 


where M is some finite posite number, then f(z) approaches a definite 
limit A as z approaches a and z = ais a regular point of f(z) or may be 
made so by assigning to f(z) at the point a the value f(a) = A. 


Denote by C any ordinary curve lying wholly within S and inclos- 
ing only points of S, including 
the point a. Let z be any point 
within C other than a. About a 
as a center draw a circle y lying 
wholly within C and having an 
arbitrarily small radius p. The 
radius p can then be so chosen 
that z lies exterior to y. We have then from Theorem I, Art. 20, 

j= gh, flO, 1, [OMe 
TiS ot—2 27 J,yt—zZ 


Fig. 96. 


(1) 


* See Osgood, Bulletin of Amer. Math. Soc., June 1896, p. 298; also Lehrbuch 
der Funktionentheorie, Zweite Auflage, p. 310. 
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where the integral in each case is taken positively with reference to 
the region interior to C and exterior to y. Since we have for values 
of t upon y 


lf | <M, ans oh ae 
_ pioeele pial=; 
Ant Iyit—é Sire alee ae 


for, if | dt | = 2p is the length of the circle y. As M and |z— a | 


are finite, the value of this integral is arbitrarily small for sufficiently 
small values of p. As this integral, however, does not vary with p, 
it must be equal to zero. Consequently, we have from (1) 
1 (t) dt 
oe 


° d 
TISct—Z 


(2) 


which holds for any point z in S other than the point a. 

By Theorem III, Art. 20, however, this integral defines a function 
F(z), which is holomorphic everywhere within the region bounded 
by C, including the point z = a itself. The function F(z) thus de- 
fined coincides with the given function f(z) for all values of z # a. 
Since F(z) is holomorphic in S, we have 


L F(Z) = F(a) = 
If we now put 
A = f(a), 
then F(z) is identical with f(z) for all values of z within C and conse- 
quently 2 = ais a regular point of the given function and 


L f(@) = fla). 


It follows as a result of this theorem that all isolated finite discon- 
tinuities of an analytic function may be removed by the proper 
definition of the function at the critical points. Consequently, we 
need not concern ourselves with the consideration of such discon- 
tinuities. This theorem also brings out an important distinction 
between functions of a complex variable and real functions of a real 
variable, which is best illustrated by an example. 

Given the real function f(x) of a real variable x defined by the 
relations 


(2) = nsin=, for xz #0 
= 0, fore = (). 
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This function is continuous at the origin, but has no derivative 
at that point although it possesses a derivative at every point in the 
neighborhood of the origin.* 

A function f(z) of a complex variable differs from a function of a 
real variable in that if f(z) is holomorphic in the deleted neighbor- 
hood of any point a and continuous at a, then a is necessarily a regular 
point of the given function. In other words, a single-valued analytic 
function can not fail to have a derivative at an isolated point in the 
neighborhood of which it is continuous. 

From Theorem II, Art. 49, it follows that if f(z) is continuous in a 
given region S and if every point of S, with the exception of the 
points of an ordinary curve lying wholly within S, is a regular point 
of f(z), then f(z) is holomorphic in S. In other words, an analytic 
function of a complex variable can not have an isolated line of singu- 
lar points in a region S in which it is continuous and, except for the 
points of this line, holomorphic. If an analytic function has all of 
the points of a curve as singular points, then that curve forms a 
portion of the boundary of the region of existence. If there exists a 
closed curve, every point of which is a singular point, then that curve 
constitutes a natural boundary of the function; for, in such a case 
the function can not be analytically continued beyond the curve. 

We may state the following theorem concerning an analytic func- 
tion. 

TuHEorEM II. Given an analytic function f(z) which is not iden- 
tically zero and which is holomorphic in the deleted neighborhood of 
z = , then if L f(z) = 0 we can write f(z) in the form 

(z — 2)*p(2), 
where k is a positive integer and $(z) is different from zero for z = z 


and has this point as a regular point. 


It follows from Theorem I that f(z) is holomorphic in the neighbor- 
hood of z and for 2 we have f(z) = 0. We may then expand f(z) 
in powers of (2 — z) by means of a Taylor series. This expansion 
is of the form 

f"" (2) 


S(@) = fe) +f’) (2 — 2) + 2! 


where, as we have seen, f(z) = 0. Not all of the derivatives can van- 
ish; for, in that case the given function f(z) would be identically zero for 


(2 — 2)? + ee ee) 


* See Pierpont, Theory of Functions of a Real Variable, Vol. I, p. 225, 
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all points in the neighborhood of 2 and hence throughout its region 
of existence. The first non-vanishing term must therefore contain 
the factor (2 — 2) to some power, say the k'* power. We have then 
as the form of the expansion 

f(2) = ax(2 — 20)* + onule — a)ettt .-- 
We may remove the factor (z — 2)" from each term of the series and 
have 

f@ = @— %)*lon + antl — 2%) + -° > |. 
Since the series in the brackets is a power series it represents some 
function ¢(z) which is holomorphic in the neighborhood of z. More- 
over, $(20) = ax is different from zero. Hence we have 

S(2) = (@ — &)*o(2), 
where $(z) satisfies the conditions set forth in the theorem. 
The point z = Z is said to be a zero point of order & of the analytic 


function f(z), if there exists a positive real integral value of k such 
that the product 


coral 


is holomorphic in the neighborhood of zo and different from zero for 
¢=%. If z= % 1s a regular point cf the analytic function f(z) and 
if f(@) = 0, then by the foregoing theorem z = 2 is a zero point. 


By multiplying f(z) by the factor where k is the order of 


iL 
(z — &)*’ 
the zero point, the vanishing point is removed. 
That a theorem does not exist for real variables analogous to 
Theorem II for analytic functions of a complex variable is illustrated 
by the function 


1 
fie) =e ®, x #0. 

This function satisfies the conditions of Theorem II, stated with 
reference to the real domain in the deleted neighborhood of the 
origin; that is, it has all derivatives with respect to 2 in this deleted 
neighborhood, and moreover, 

Lie) = 0: 

r=0 
But we have the limit * 


7] a ye 


0 


* See Stolz, Differential-und Integralrechnung, Part I, p. 81, 
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for all values of k, and hence the zero point can not be removed by 
: : if 
introducing the factor ger no matter how large k may be taken. 


Between the zero points and the poles of an analytic function, 
there exists the following relation. 


THeorEM III. Jf 2 = 2% ts a pole of order k of the analytac function 
f(z), then ae is holomorphic in the neighborhood of 2 and has a zero 


f) 


point of order k at 20, and conversely. 


Since z = 2 is a pole of order k of f(z), we have from the definition 


of a pole 
(z — 20)*f(2z) = (2), (3) 
where ¢(z) is holomorphic in the neighborhood of z and $(2) 4 0. 


Hence in the neighborhood of Zo, = W(z) 1s also holomorphic 


ue 
o(z) 
and can be expanded in a power series, the first term of which is a 
constant different from zero. From (3) we have 


ule = — ee Ss = — k 

iO) & (2 — 2) sy (2 — 2)* + W(z). (4) 
Since both (z — 2)" and W(z) are holomorphic in the neighborhood 
of z and W(z) ~ 0, the last member of (4) is holomorphic in the 
neighborhood of z and can be expanded in powers of (z — zo) begin- 


: é 1 : 
ning with the k’". Hence 6) has a zero point of the order k, as 


stated in the theorem. 
The converse of the foregoing theorem follows similarly; for, if 


te : : : : 
—— is holomorphic with a zero point of order k at 2, we may write 


{2 
vl —_ = 
I@) 


where F(z) is holomorphic and different from zero for z = z. Conse- 
quently, we have 


(2 — 20)'F (2), (5) 


1 
= k = ) 
@— a)I@ = Re 
where a is also holomorphic and different from zero for z = 2. 


Hence is a pole of order k of the given function f(z). 
In the foregoing demonstration we have made use of the fact 
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that if a function is holomorphic and different from zero in the neigh- 


‘ iL : 
borhood of zo, then the reciprocal function 70) is also holomorphic and 


different from zero in the neighborhood of 2. If, on the other hand, 
the point 2 is not a regular point of the function f(z), then this point 
must be a zero point or an essential singular point of the reciprocal 


function according as it is a pole or an essential singular point of f(z). 
1 
For example, z = 0 is an essential singular point of e * and is also an 
1 


essential singular point of e*. 
By aid of Theorem III we can now establish the following theorem. 


TuEroreM IV. Jf an analytic function f(z) is holomorphic and 
different from zero in the deleted neighborhood of z2 = 2, and of 


L f(2) = E25 


then the point z = 2 1s a pole of f(z). 


Since 
ane ii (2) = E89 
we have at once os 
0) 
z=x (2) 
As f(z) is holomorphic in the deleted neighborhood of zo, it follows that 


ihn : aa F : 
7@ is holomorphic and different from zero in the same deleted neigh- 
z 
borhood. Hence, by Theorem II there exists a positive integer k such 
that 


1 kale 
Fe eee 


where ¢(z) is holomorphic in the neighborhood of zo and (2) ¥ 0. 
: 1 : 
The function Te) has then a zero point at 2, and consequently by 


Theorem III, f(z) must have a pole at the same point. Hence the 
theorem. 


As in the case of Theorems I, II, the analogous theorem for the 
realm of real variables does not exist, as the following illustration 
shows. 


Ex. 1. Show that Theorem IV does not hold for the following function (Fig. 97) 
of a real variable, namely: 


f(z) =e, oO; 
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The conditions of Theorem IV are satisfied for real values of the variable in the 
deleted neighborhood of the origin. But as x approaches zero the product 
xkf(x) becomes infinite * for all values of k. Hence, the infinity of the function 
can not be removed by introducing the factor x* no matter how large k be chosen. 


4 


>X 


Fig. 97. 


THeorEM V. The zero points of an analytic function are isolated. 


Let 2 be any zero point of the analytic function f(z). We may 
then write 
F(Z) = (2 — &)*o(2), (6) 
where $(z) is holomorphic in the neighborhood of 2 and different 
from zero for z = 2. Since ¢(z) is continuous, we can then draw a 
circle C about Z as a center, within which ¢(z) does not vanish. For 
any value of z ¥ 2 within C, (z — 2)* is likewise different from zero. 
Consequently, within C there is no point other than 2 at which f(z) 
vanishes. The zero point 2 is therefore isolated. But z was any 
zero point of f(z) and hence all such points are isolated. 


* See Stolz, Differential-uwnd Integralrechnung, p. 81. 
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The corresponding theorem for the poles of an analytic function 
may be stated as follows: 


TuErorEeM VI. The poles of an analytic function are isolated singu- 
lar points. 

If an analytic function f(z) has a pole at any point 2, then by 
Theorem III is is holomorphic in the neighborhood of 2 and has the 
value zero at Z. But we have just seen (Theorem V) that the zero 
points of an analytic function are isolated. Consequently, the poles 
must also be isolated. 

If the poles of an analytic function f(z) have a limiting point, then 
the behavior of f(z) in the neighborhood of that point is given by the 
following theorem. 


TuroreM VII. Jf 2 = % is a limiting point of the poles of an ana- 
lytic function f(z), then f(z) has an essential singularity at Zo. 


In every neighborhood of z there are poles of the given function. 
The point z = 2 can not then be a regular point of the function, and 
hence must be either a pole or an essential singular point. It can not 
be a pole, because as we have seen (Theorem VI) every pole is an 
isolated singular point. It must then be an essential singular point 
as the theorem states. 

If an analytic function has an infinite number of poles, they must 
have at least one limiting point either in the finite region or at infinity. 
We now see that at this limiting point the function has an essential 
singularity. It follows then that an analytic function having no 
essential singularities can have but a finite number of poles. 

We have seen that if f(z) is holomorphic in the deleted neighborhood 


of 2 and 
L{@ =~, 


then z is a pole of f(z). We shall now show that conversely an 
analytic function always becomes infinite as the variable approaches 
a pole; that is, we shall demonstrate the following theorem. 


TueroreM VIII. Jf the analytic function f(z) has a pole at z = 20, 
then the function f(z) always becomes infinite as z approaches z by any 
path; that is, 

L f@ =a. 


Z=% 
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Suppose that f(z) has a pole of order k at 2, then by the definition 
of a pole, we have 
(2 — 20)" f(z) = $(2), 


where ¢(z) is holomorphic in the neighborhood of 2) and for z = 1s 
different from zero. For values of z ¥ 2, we have then 


») — 92) 
f(2) (2 “at za)” 
As (2) is finite and continuous for z = 2, then as z approaches 2 
(2) 


@ a) increases in absolute value without 
Sy ta) 


limit. Consequently, we may write 
L f(z) = ©, 


by any path whatsoever 


as the theorem requires. 

Not only may an essential singular point of an analytic function 
appear as a limiting point of poles, but it may also be the limiting 
point of other essential singular points or it may appear as an iso- 
lated singular point of the function. For isolated essential singular 
points, that is essential singular points that are not the limiting points 
of other essential singular points, we have the following theorem.* 


TurorEM IX. If % is an isolated essential singular point of f(z), 
and 8 is any arbitrary number, real or complex, then z may be made to 
approach 2 in such a manner that the corresponding values of f(z) have 
the limiting value B. 


By hypothesis the point 2 can not be the limiting point of 
other essential singular points of the function, although it may be 
the limiting point of poles of the function. Moreover, there can not 
exist a neighborhood of 2, however small, such that at every point 
of it we have f(z) = @; for, in this case f(z) would have by Theorem I 
at most a removable discontinuity at 2, and hence this point could 
not be an essential singular point. Consider the function 

il 
Fe) == 
f(z) -—8B 
for values of z in the neighborhood of 2. 

* This theorem, commonly attributed to Weierstrass, was doubtless first 

demonstrated by the Italian mathematician, Casorati. 


See Rend. Ist. Lomb., (2) I, 1868; also Vivanti-Gutzmer, Theorie der ein- 
deutigen analytischen Funktionen, p. 130, 
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Either there exists a finite number M such that for all values of z 
in every neighborhood of 2 we have 


IF@QI<M, 


or there exists no such number M. We shall show that the first 
of these alternatives is impossible under the conditions of the theorem. 
In fact, if a finite number M can be found, then by Theorem I, Z 
is a regular point of F(z). If in addition F(z) is equal to zero for 
z = 2, then % is by Theorem III a pole of f(z) — 6 and hence of f(z). 
If, on the other hand, F(z) is not equal to zero, then 2 is a regular 
point of f(z) — 6 and hence of f(z). But either of these conclusions 
is a contradiction to the given hypothesis, for 20 is by the conditions 
of the theorem an essential singular point of f(z). It follows that 
there can exist no finite value of M such that for all values of z in | 
every neighborhood of 2 we have | F(z) | < M. 

In every neighborhood of z however small there are then points at 
which | F(z) | > M, however large M may be taken; that is, in every 


neighborhood of 2 there are values of z for which | F(z) | > ; , where ¢ 
is arbitrarily small. For all such values we have 
ire: 
We may then select a set of points 
Diese eae Bona tees 
having 2 as a limiting point, such that 


CL f(@n) = 6. 


The foregoing theorem must not be understood to mean that in 
the neighborhood of an essential singular point f(z) actually takes 
every value. Picard has shown,* however, that in the neighborhood 
of an essential singular point a single-valued analytic function takes 
all complex values with the exception of at most two and indeed an 
infinite number of times. 

Thus far we have considered only those singularities of a single- 
valued function that occur at finite points of the complex plane. 
To determine the nature of the function in the neighborhood of the 


* See Mémoire sur les fonctions entitres, Ann. de 1’Kcole Normale, 1880; 
also Traité d’analyse, Vol. II, p. 121. 
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infinite point, we subject the variable z to the reciprocal transforma- 
tion 


and examine the transformed function ¢(2’) for values of 2’ in the 
neighborhood of the point 2’ = 0. The given function f(z) is said 
to have a pole or an essential singularity at infinity according as 
z’ = 0 isa pole or an essential singular point of ¢(z’). The function 
(z) is said to have a regular point at infinity if 2’ = 0 is a regular 
point of the function ¢(2’). 

In case the point z = © is a regular point of the given function 
f(2), then the transformed function ¢(z’) is holomorphic in the neigh- 
borhood of 2’ = 0. We can then expand ¢(z’) in a Maclaurin series 
and have 


b(z) = a+ aie + - + - pane os. 


Consequently, the expansion of f(z) in the neighborhood of z = «, 
when this point is a regular point of the function, is of the form 

Qn 
om 


[OPS ier seer ae De an ee 


It has been shown that if f(z) is holomorphic in a given region S, 
then the integral i f(z) dz taken around any closed curve C lying 


wholly within S and inclosing only points of S must vanish. It is 
of interest in this connection to point out that this conclusion does 
not hold when the given region includes the point at infinity. For 
this case, we have the following ‘theorem. 


TurorEM X. If C is an ordinary curve inclosing the point at infin- 
ity and lying within a given region S which likewise contains the point 


at infinity, then the integral [io dz vanishes if 2 f(z) ts holomorphic 


in S. 


|— 


, we have 


fio d= - fe- $(2’) dz’, (Art. 22) 


where y is the curve about the origin into which the curve C is mapped 


Putting z = 


~ 


z 


; il . : ; 
by the transformation z = a The given integral vanishes whenever 
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the integral — f z’-2 (2) dz’ vanishes, that is, if 2’~? 6(z’) is holo- 
WY. 


morphic in a region S’ about the origin within which the curve y hes. 
However, if 2’-? 6(z’) is holomorphic in S’, then z*f(z) must be holo- 
morphic in the corresponding region S about the point infinity aa l 
conversely. Hence the theorem. 


TurorEeM XI. The circle of convergence of a power series passes 
through at least one singular point of the analytic function determined by 
the series. 


In the discussion of Taylor’s series (Art. 48) it was pointed out that 
the power series in (z — 2) resulting from the expansion of a given 
function which is holomorphic in a region S converges and represents 
that function for all values of z within any circle that can be drawn 
about z as long as it lies within S and incloses only points of S. 
That is, the size of the circle C (Fig. 87) within which the series is 
known to converge is limited only by the region S in which the given 
function is holomorphic. As we now know, that region S is restricted 
only by the presence of singular points of the analytic function f(z) 
of which the given power series defines an element.’ Consequently, 
if the circle C is the circle of convergence of the Taylor series, then it 
must pass through at least one singular point of f(z); that is, within 
every larger concentric circle there must be at least one such point; 
otherwise, a larger circle than C might be selected in determining 
a region within which the Taylor series converges and the series would 
then converge for points outside the circle C. This circle would not 
then be the circle of convergence as assumed. 

If a function is holomorphic in a given region, it can be expanded 
in a Taylor’s series for values of z in the neighborhood of any point 
of that region. The expression obtained for the coefficients of such 
an expansion enables us to establish the following theorem, due to 
Liouville. 


THEOREM XII. A_ single-valued analytic function which has no 
singularity either in the finite portion of the plane or at infinity reduces 
to a constant. 


If a function f(z) has no singularity either in the finite region or at 
infinity, it follows that it is everywhere less in absolute value than 
some definite number M; for, otherwise, there would exist a point 20, 
finite or infinite, in every neighborhood of which f(z) would exceed 
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in absolute value all finite bounds, that is, would become infinite. 
The function admits of a Maclaurin expansion about the origin, 
namely 


ay + aye t+ az’?+ +--+ +ae"+--:- (6) 


which converges and represents the function for all finite values of z. 
The coefficient a, 1s 
1 


Tey a a PIO 
n | , 


ericie Bert 


fr = 


where C is a circle of radius p about the origin as a center, the value 
of p being taken as large as we please. Since 


lf(2) |< M, 
1 Mdz_1 M_, ae 
QaJc ptt! Qa prti TT is p” 
Inasmuch as p can be taken as large as we choose, it follows that 
in |<. & Tis 40, 


we may write 


eal 


where ¢ is an arbitrarily small positive number. Consequently, 
since a, 1s a constant, we must have 


an = 0, Th el Oy anon ae 
It follows from equation (6) that 
f(2) = a 


for all values of z in the finite portion of the plane. Since the point 
z= © isa regular point of f(z), we have 


f@) = L fl) = a. 


Z2=0 

It follows from the foregoing theorem that every single-valued 
analytic function which is not a constant must have at least one singu- 
lar point either in the finite portion of the plane or at infinity. 

52. Laurent’s expansion. We have seen that, in the neighbor- 
hood of a regular point of an analytic function, it can be represented 
by a power series, but this method of representation does not hold 
in the neighborhood of a singular point of the analytic function. We 
shall now show that in the neighborhood of an isolated singular point 
2 we can expand an analytic function in a series having also negative 
powers of (2 — z). Such a series is not properly a power scries, since 
a power series was defined as a series involving only positive integral 
powers. We shall, however, often refer to the series involving nega- 
tive powers as a power series with negative exponents or a power 


hy 
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series in When the term power scries is used without a 
Zz — 


qualifying oie we shall as heretofore understand it to mean a 

series involving only the positive powers of the variable. 
In the derivation of Taylor’s expansion (Art. 48), it was found to 
be valid within a region bounded by a single circle, provided there 
‘are no singular points of the given 


YY sein function Ce we circle, 
FYYZf  dfJfyp Suppose we now consider a region 

S bounded by two concentric circles 
Ci, C2 (Fig. 98) such that within S, 
f(2) has no singular points and con- 
verges uniformly to finite values 
along each circle. There are no 
restrictions as to singular points 
exterior to C, or interior to C,. 
Denote the common center of Ci, 
C, by 2. To apply this method 
later to the expansion of a function 
in the neighborhood of a singular point, it is convenient to take the 
radius of C2 arbitrarily small. 

As in the consideration of Taylor’s series, we shall base our dis- 
cussion upon the fact that we can express the given analytic function 
f(z) by meaans of the Cauchy integral formula. Since the given region 
S is bounde1 by two curves the integral must be taken over the entire 
boundary and henee along the two curves in the directions indicated 
in the figure. Taking, however, the integral along C2 in a negative 
direction with respect to the region S, that is in a counter-clockwise 
direction, we have for any value of z in S 


fiehen = fOd 1 SO at 
2riJaqt—2@ 2mdcat—2 


Fia. 98. 


(1) 


where ¢ is taken along each of the curves C), Cy in a counter-clockwise 
direction. Since zis any point in S, then for the first integral we 
have |z— 2|<|t—2z|. By Theorem III, Art. 20, this integral 
by itself defines a function ¢(z) which is holomorphic for all values 
of 2 within C, and hence can be expanded in a power series in 
(2 — 2) by means of Taylor’s expansion. Such an expansion is of 
the form 


(2) = ay + (2 — Zo) + a2(Z — 2)?-+ > + + fan(e—a)"+:+- , (2) 
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where we have 
1 f(b) dt 


~ Oat c, (£ — 2)"*?’ 


The second integral also defines a function ¥(z) which is holomorphic 
for values exterior to Co, that is for | 2— 2 | > | 
being limited to values on Cy. To find a form of expansion for y(z), we 
proceed in a manner similar to that used in the discussion of Taylor’s 


|z—zo|<|t—zol, an 


: : : 1 ; : 
series. We shall consider the function Fae which occurs in the 


given integrand. We may write 
1 is il (; — 120 a —l il 
ey Nee 2 et 


ee ee) eee ee 


Z—Z@ (@€—A)? (e—&) (2: 2)” 


This series, considered as a series In ¢, converges uniformly (Art. 45, 
Theorem I) for any constant value of z such that |z— | > |t — zo|, 
that is for any value of z exterior to Cy. The property of uniform 
convergence is not destroyed by multiplying each term of (8) by 
fi). We have then 


{QO __ fO__ G—-a)/fO_ t= a)"FO _ ale 


t—z = z—-z% = (z—-%)” (z2—2)8 (22) 


Since this series converges uniformly, we may integrate it term by 
term, thus obtaining 


We = 1 fe fat 


Dri. CE) =e 


ee a defOt eas =f, ¢- zo) f(0) dt + 


ons bear nee tt 
He (z i = - J ‘9 ¢ a Ft) ay a \ 


The integrals in the second member of this equation determine the 
coefficients of the desired expansion of the second integral in (1). 
We may therefore write 


V2) = eae—m) > toe) + vs banle—a) "+ 72, 
where 

1 
[z—z|>|i—zl, an = 55; f,,¢- "70a, n=1, 2, - 
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Since the series (2) converges for all values of z within C; and the 
series (4) for all values of z exterior to C2, it follows that both con- 
verge for values of z within S bounded by these two circles. Conse- 
quently for values of z within S, the given function f(z) may be written 
as the sum of two functions $(z), (z), the first of which can be ex- 
panded in a series involving the positive integral powers of (z — 20), 
and the second of which can be expanded in a series involving the 
negative integral powers of (2 — 2); that is, we have 


f2 =¢@+ve = > Oin(2 — %)" + > Pane =e Wet 


We may replace the two circles Ci, C: as paths of integration by a 
single path of integration. This path of integration may be any 
ordinary closed curve C lying within S, and inclosing C2 since each 
of the circles Ci, C2 may be deformed into C without passing over a 
singular point of the integrand. The coefficients of the two series 
(2) and (4) may then be expressed in terms of the integrals taken over 
the curve C. We have then the following theorem. 


THroreM I. Jf f(z) is holomorphic in the annular region S bounded 
by two concentric circles about a given point Z, then within this region 
f(2) can be represented by a series of the form 


> Oe Zo)”, (5) 


where 


1 —n—lf r 
(Qe == Se fle — 20) f(t) dt, 


and C is any ordinary curve lying wholly within S and inclosing the 
inner circle. 


The series (5) is known as Laurent’s series. While there may be 
an infinite number of terms of the series corresponding to negative 
values of n, on the other hand only a finite number of such terms may 
appear in the expansion, the number depending as we shall see upon 
the character of the function f(z) at the point 2. By aid of the fore- 
going theorem we can now represent a single-valued analytic fune- 
tion in the deleted neighborhood of an isolated singular point by 
means of a series involving the positive and negative powers of the 
variable; for, if 2 is such a singular point, then by making the radius 
of C, sufficiently small but different from zero we can include in the. 
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region S any point in the deleted neighborhood of 2. Hence, while 


> Qn(Z — 2)” converges for all values of z within C, See — 4%)" 
n=0 n=1 
converges for all values of z within C; except z = 2. 


As has already been pointed out, the nature of a singular point of 
an analytic function is fully determined by the behavior of the func- 
tion in the deleted neighborhood of that point. The Laurent expan- 
sion of the function also determines the character of the singularity. 
For example, if ¢ = 2 is a pole of order k of the analytic function f(z), 
then we are able to remove the singularity by multiplying f(z) by 
the factor (¢ — 2)". Hence there are k terms in the Laurent expan- 
sion having negative exponents; that is, the peice is of the form 

Ok 


a\— OSk 1 Ce XE — 
f@ = (z — z)* =F G= at as aes (2-2 om + a + ai (2 20) 
Sr (Saree nD Gerace ram OO oi (5) 


That part of the expansion which indicates the character of the singu- 


larity, namely 
—k 
>d a(z — 20)", 


r=—1 
is called the principal part of the expansion. In case of a pole of 
order k, it consists of k terms. 

The Laurent expansion of a given analytic function in the neigh- 
borhood of an isolated singular point may be accomplished by direct 
application of Theorem I, but if the singular point 2 is a pole of 
order k, we may write 


_ (2) | 

f(2) s (z = Zo)* 

where 
$(2) = an + are —%)+-*:>, a+ <0, 
whence 
A—pp+ 
f(z) = (2— Sen ae ee ‘ et Ga) Twtal — 2) +-:> 
Ex. 1. Expand the function 
Ho = WE = ae eM 


ye 
in a series for values of z in the Renee of the origin. 
This function can be written in the form 


se) = 2, 


4 = 
where $(2) = fadekt rs 


= 32 eet ee 
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Hence, we have 


it Sy a - 
LOE yee os fe tas Reta Pers 


The terms 4 _ 5 + : are the principal part of the expansion of f(z) in the neigh- 
borhood of the origin. 


If f(z) has an isolated essential singular point at z which is not 
the limiting point of poles of f(z), then there is no finite value of k 
such that (z — 2)*f(z) is holomorphic in the neighborhood of that 
point, and hence the Laurent expansion has an infinite number of 
terms involving negative powers of (z — zo). The expansion is then 
of the form 

A—; Ql 


O—k+1 
(2) AGE Se era Ss ance as 
+ ay tai(z— 2%) +... banle—a)"+t...3 (7) 
that is, the principal part of the expansion consists of an infinite num- 
ber of terms. 
In case Z is a regular point of the function, the Laurent expansion 
has no terms with negative exponents and hence becomes identical 
with the Taylor expansion. 


If the point z = © isa pole of order k of a given function f(z), then 
the function ¢(2’) obtained by transforming f(z) by the relation 


z= 2 must have a pole of order k at the origin. Its expansion is 
therefore of the form 


a—, A—p+1 


(2’) ~ glk T atk=t ig +O + eb ene’ + ee ap 


In the neighborhood of z = % the expansion of f(z) is therefore of 
the form 


I) —cayeh ope = ha aehag tp 
the first k terms constituting the principal part. 

As with Taylor’s expansion, the question arises as to whether an 
analytic function is uniquely represented by means of a Laurent 


series. In this connection we may well consider the following 
theorem. 


a he er 


gn ) 


TuroreM II. Jf in an annular region S a given function f(z) per- 
mits of an expansion of the form 


f= Dente — 2) 
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then the coefficients of this expansion are given by the relation 


1 —n-1 . 
On = a Jt — 2)" f(t) di; 
that is, there is but one such expansion possible. 


As in the discussion of Theorem I, let the region S be bounded by 
the circles C;, C2, having the point z as a center. We assume the 
existence of an expansion of f(z) in a series as stated in the theorem. 
Denote by C any circle concentric with C;, Cz and lying between the 
two, and let the value of the variable along C be denoted by t. The 
_ given series converges along C' and expressed in powers of (¢ — 20) is 


An a1 


WO = Feat + Gah ea) 
te NOt Ge hg) ee thn) Gano) ae] er ee S) 


This series converges uniformly (Theorem I, Art. 45) and hence may 
be integrated term by term along C. Before doing so, however, let 


us multiply the terms of the series by the factor aapee Remem- 
bering that 
fo —~“)"di=0, nx#-—1, (xs. 1, 2, Art. 18) 
i =2m, n=—-1, ~ (9) 


it follows that the integrals of all of the terms of the series vanish 


We have then as the 


? : 1 
except one, namely the term involving ae 


result of the integration 
DROP es 
2s — geri = 271an, 


tf b= 2) F0 a, (10) 


which establishes the theorem. 

It does not follow from what has been said that f(z) may not have 
different Laurent expansions in different circular regions. For ex- 
ample, suppose we have two regions (Fig. 99) one bounded by the 
circles C,C, and the other by C2C;, where C, has upon it a singular 
point of the given function. In each of these regions there is an 
expansion in a Laurent series, but the two expansions in such a case 
are not identical. This condition is illustrated by the following 
example. 


whence, we have 


An 


~ Ori 
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Ex. 2. Given the function 


(11) 


ALK Q WSN \ 
SK NSS 


This function has two poles, namely, z = 1, 2 = 2. Within the circle about the 
origin passing through the point z = 1, the function can be represented by a 
Maclaurin series. The resulting series is 


i 38 (paral) BE IN 
S ties @ Cam gee tees aoa ce 


which converges and represents the given function for | z | < 1. 
If we take 1 < |z| < 2, we must use Laurent’s expansion. The coefficients 
of the series are given by 


1 — 1 — 
an= 55 ft 14 () dt, (12) 


where C is any circle about the origin lying between C; and C.. 
Putting for f() its value from (11), the integrand in (12) becomes 


1 il 
yrt2 — 9yrti +2 — (ei 


Upon decomposing each of these fractions into partial fractions, we have for 


n=O 
Oe etl ae ac aia 2” 
DL; — Oe of Paw - pei 
= a bat nent Ie 
t-1 ¢ #@ 8B Pera | 


Replacing the integrand in (12) by these partial fractions, since 


if i” dt = 0, nx —l, 
Cc 


aL , = 
=2ri, n= -—1, 


= ay dt it J dt 
Pn] lhe oe oe she ta (18) 


we have 


an 
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vanishes. 


Lage a ee : 
But 738 holomorphic within C and hence the integral J, faa 


To evaluate the second integral in (13) we deform the path C of integration into 
a small circle C’ about the point z = 1 and put 


t—1 = peid, 


where p is a constant and @ varies from 0 to 27. We have then 


dt i dt 
ne Sora aif dé = 2x. 


Consequently from (13), we have 


1 1 
me pet pk et Se onenn, 


ar 


The terms of the required Laurent expansion corresponding to values of n = 0 
are then 


hed entaet s 1 
eGmy tere en Spun TT Ge (14) 
For negative values of n, say n = —k, we have 


w= Dn OL 
nd eliK h-1dt —¢ tN dt 
Qari ct—2 ct-1 
But the integrand in the first integral is holomorphic within C and hence the 
integral vanishes. We have by deforming C into C’ and putting as before 


t— 1 = pe??, 


il ii (1 + pei®)k—Npei0 do 


27 J0 peo 
{) 
= 1 10\k—1 
i, (Ue!) een ide 


Hence, each term in that portion of the Laurent expansion having negative ex- 
ponents has the coefficient —1. The complete expansion is therefore 


o a eres ee ee ar ee elle eee Te (15) 


Pie eS roy te! 8 DAC 
It is evident that the given function has no finite singular point exterior to 
the circle about the origin and passing through the point zg = 2. The expansion 
of the function about the point z = % will then hold for this entire region. By 
putting 


the entire region exterior to the circle C2 through z = 2 inverts into the region 
about the origin and lying within the circle C’’ whose radius is 3. The trans- 
formed function is 


ol) = 3 
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Within the circle C” the function ¢(z’) is holomorphic and may be expanded in a 
Maclaurin series, giving 


Ht?) = Z2se 30° spe ap © ¢ 
Replacing 2’ by : , we have as the expansion of the given function for values of 


z exterior to the circle C2, 


1 a, Ue 
Aa Sa Re ee a 


The same result would have been obtained had we expanded the function by 
computing the coefficients by aid of the formula given in Theorem II, where 
the path of integration is any circle C; about the origin and lying exterior to the 
concentric circle through z = 2. 


53. Residues. We have seen that the integral [ f(2) dz van- 


ishes when taken around the boundary C of a region S, provided f(z) 
is holomorphic in the open region S and at least converges uniformly 
to its values along C. Let us now consider the effect upon this inte- 
gral when S contains one isolated singular point of f(z). Before 
doing so, we introduce the following definition. 

If the points of S, with the exception of at most the point 2, are 
regular points of f(z) and C is any closed curve about z and lying 
wholly within S and containing only points of S, then the 


integral 
2Qri ap Te)de 


taken in the positive direction is called the residue of f(z) at zo. 


Suppose the point 2 1s a pole of the given function. We have then 
the following theorem. 


_TueEoreM I. | If f(z) is holomorphic in a given finite region S except at 
zo, where it has a pole, then the residue of f(z) at zo is equal to the coefficient 
of (2 — %)7' in the expansion of f(z) in powers of (2 — 2). 


Let the pole at 2 be of order k. Then the Laurent expansion of 
the function in powers of (z — 2) is of the form 


~ A—k-+1 
f@ = RT ao (2 — a) ask 
Af A—k-H 


= = : : fant Rises as 
Renee a ee 


where $(z) is holomorphic in the neighborhood of 2, say within and 
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upon a circle C having 2 as a center. Taking C as the path of inte- 
gration, we have 


[sO d= asf @-srraet 
I wf Ge), de-- fv dz. (1) 


The integral if ¢(z) dz vanishes, since ¢(2) is holomorphic in the closed 
GC 


region bounded by C. To evaluate the remaining integrals we make 
use of the relations 


[@-ara =o, ny —Il, 
Cc 
=2 71, n=l, (2) 


Consequently, we have from (1) 
| f@ dz = 271 a}, 
¢G 
whence a1 = ees, ip f(2) dz, (3) 
271 C 


which establishes the theorem, since by definition the second member 
of this equation is the residue. 

The value of the residue of an analytic function at a pole is zero if 
the coefficient a; is zero in the expansion of the function. For 
example, the function 


1 
f@ = By 
has a pole of order three at the origin, yet the residue, 


L fa 
; Qridce 
is zero. 
The foregoing theorem gives the residue when there is a single 
isolated pole in the given region S. If there are a finite number of 
poles in S, we have the following theorem. 


TuHeorEM II. Given a function f(z) which is holomorphic in a 
region S with the exception of a finite number of poles, and let C be any 
ordinary curve lying wholly within S and inclosing all of the given 


poles. Then iE f(z) dz taken in a positive direction is equal to 2 wi times 


the sum of the residues of f(z) at these poles, 
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Suppose the poles of f(z) to be 21, 2%, ..., %,... 2%. About 
each of these points as a center draw an arbitrarily small circle lying 
wholly within the gee bounded by C. Denote these circles by Ci, 
Coe wens a Oka , Cn. Then by Theorem VI, Art. 19, we have 


f f(z) dz = » i f@ dz. (4) 


But as we have seen i f(z) dz is equal to 277i times the residue of 
Ck 


f(z) at 2, and is given by the coefficient of (¢ — 2) in the Laurent 
expansion of f(z) in powers of (¢ — z,). The relation given in (4) 
therefore establishes the theorem. 

A closed curve C may be regarded as the boundary of either of two 
regions, one finite and the other inclosing the point at infinity. It is 
readily seen that the relation (4) holds when C is regarded as bounding 
the outer region, as well as in the case just considered. Theorem II is 


still valid then when 2 f(2) dz is taken over a curve inclos:ng the point 


z= 0. However, when the point z = is a pole the residue at 
that point is not given by (3). For this case we have the following 
theorem. 


THeEoreEM III. If the analytic function f(z) has a pole at z = 0, 
then the residue of f(z) at that point is the negative of the coefficient of 
z in the expansion of f(z) for values of z in the neighborhood of z = %. 


: 1 : 

Putting z= yr we denote the transformed function by ¢(2’). 
As z= © is a pole, say of order k, of the given function f(z) then 
z’ = 0 is a pole of the same order of ¢(z’). Expanding ¢(z’) in a 
Laurent series for values in the neighborhood of the origin we have 


Beka Ak a1 " 
(Cymer Po bo aot one! + ss Pong 8) 


: 1 : , : 
Replacing 2’ by 3 we have the expansion of f(z) in the neighborhood 


of z = ©, namely: 
An 


t(2) =a_p2* bap ieh CC anetoto + - - 5 Cae 


FAG 


= a_,2* + ape + aurea ae QHie + Qo +- a +F (2), (6) 
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where 2?F(z) is holomorphic in the neighborhood of z= «. In 
determining the residue of f(z) at the point z= the integral defin- 
ing a residue is to be taken around an arbitrarily large circle C about 
the origin in a clockwise direction. The resulting integral is then 
the negative of the integral taken around C in a positive or counter- 


clockwise direction. The integral | F(z) dz vanishes by Theorem 
C 


X, Art. 51. We have then from (6) by aid of the relations given in 
(2), it being understood that the integral is taken in a clockwise 
direction around C, 


= | fe\dz =2rin, 
C 


1 
or ff i= AGS Ip 


Consequently, from the definition of a residue, it follows that the 
residue at «© of an analytic function having a pole at infinity is the 
negative of the coefficient of z' in the expansion of the function in 
the neighborhood of the point z = #, as stated in the theorem. 

It is of interest to observe that a function can have the point z = # 
as a regular point and still have a residue at that point different from 
zero. For example, the function 


f@ =a +> 


is holomorphic in the neighborhood of z = #, yet it has a residue 
—a, at that point. 

The theory of residues is of value in the discussion of some of 
the important properties of analytic functions, as we shall see in the 
succeeding articles. It may also be applied with advantage to the 
evaluation of certain integrals of functions of a real variable, as we 
shall now show. First of all, we shall show how we may employ the 
results of our discussion of residues to evaluate an integral of the 
form 


fC to a, 


where f(x) is the quotient of two polynomials. In order that this 
integral shall have a significance, we make the assumption that the 
denominator is of degree at least two higher than the numerator.* 
For the sake of simplicity, we shall also assume that the denominator 
has no real roots. 


* See Pierpont, Theory of Functions of Real Variables, Vol. I, Art. 635, 
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Let us consider then a function f(z) which is holomorphic along the 
axis of reals, and with the exception of at most a finite number n 
of poles, holomorphic in the finite upper half of the complex plane. 
Consider now a region S bounded by a curve consisting of a seg- 
ment of the axis of reals and a semicircle C about the origin, lying 
in the upper half plane and having the radius p. We select the value 
of p so that the poles of f(z) already mentioned shall all lie in S. 
Denoting the residue of the given function at each pole z by Ri, 
then by Theorem II, we have upon integrating about the contour 
of S 


iE f(2) dz + fh f(z) dz = 20i D Ri, (7) 


p 
where f denotes the integral along the axis of reals between — p 
=p) 


and p. 
We shall first consider the limit 


L 42) dz. 
p=xvdC 
Put z = pe” and hence S =id0. We have, therefore, 


i f@)de=1 ip ae) db. 


But, from 5, Art. 17, we have 
| { 1@ ae] =| [ae a0] = [lar 
c 0 0 


Let M denote the upper limit of | 2f(z) | upon the semicircle C. From 
(8), we have then 


I] 


do. (8) 


i f@)dz|<M | Gece 
0 


If as p increases without limit, M approaches zero, we have 


L of dz = 0. (9) 
p=0 , 

We now regard f(z) as the quotient of two polynomials, where the 
denominator has no real roots and is of degree at least two higher 
than that of the numerator. Then the required conditions are 
satisfied, for f(z) has a zero of at least order two at infinity and 


LM =0; 


p=a 


that is, the result expressed by (9) follows, 


Arr. 53.] RESIDUES 289 


Moreover, under the conditions set forth in the statement of the 
problem each of the limits 
*p a? 
L Ac cece L f f(x) dx 
p=a e/0 p=novI 


exists, and by passing to the limit we obtain from (7) the value of 


the integral f(z) dz, namely 


fi fd = oni Re 
bP k=l 


Ex. 1. Evaluate the integral ih aa 


The function f(z) = has a pole at z = 7%. Expanding f(z) in powers 


of (z — 7) we have 


Baek Set 
(+1) 


v 3 37 
LOA a en SCS R= 
Hence, the residue of f(z) at 2 =i is — os 


We have then 


iE Pe ee sa 
wel? ee 16 amet 8 
The method of residues may be applied also in evaluating certain 


integrals of trigonometric functions when the integrals are taken 
between the limits 0 and 2 7, as the following example will illustrate. 


Ex. 2. Evaluate the integral ( ” -—“ 
x. 2. Evaluate the integra J, sacay 
Putting z = e9, we have 
: F z+- 
dz GPS? z 
LL adr COS 0 Se = lege! 


whence we obtain 


1 
(me do tz a! dz 
0 


Se = ga | = ——. 
2+ cos@ 1 1 iJo#2+424+1 
og (etd = :) 
The integrand f(z) has poles at the points 
g= =2 V3, 


The path C is determined by the substitution z = e®, As @ varies from 0 to 
2x, z describes the unit circle about the origin. Of the two poles. only one, namely, 
z= —2+ V3, falls within C. The residue of f(z) at this pole is found to'be 


1 
———- Hence we have 
ae 2 d 2 1 2 
0 HP oes 
RE eH. 5 A 
0 2+cosd 2% 273 3 3 
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54. Rational functions. Fundamental theorem of algebra. We 
have defined a rational integral function of z as a function of the 
form 


G(z) = ao + aye + atl, se + an2", 


and a rational fractional function as the quotient of two such func- 
tions having no common factor; that is, 


BGG) Seite Mie ee een (1) 
G2(z) Bo + Biz ar ae aa Ore 


where if n = m, then the common value of n and m is said to be the 
degree of f(z); otherwise the larger of the two numbers is the degree. 

Every single-valued algebraic function is necessarily a rational 
function. For, if w is an algebraic function of z, then the two are 
connected by the irreducible equation 


LOW) OP Fel 2) Ute Te ine 0 


where fo(z), fi(z), - . . , fn(z) are integral rational functions. If wis 
single-valued, this equation must be linear, and hence solving for w, 
we have 


I@ 


that is, w is a rational function of z. 

We shall now see how the two classes of rational functions are 
uniquely determined by the character of their singularities. As we 
have seen, every analytic function that is not a constant must have 
at least one singular point. For rational integral functions we may 
state the following theorem. 


THEoreM I. The necessary and sufficient conditions that a single- 
valued analytic function is a rational integral function are that it has 
no singular point in the finite portion of the complex plane and that it 
has a pole at infinity. 


We shall first show that the given conditions are necessary. Let 
f(z) be a rational integral function; that is, let 
F(Z) = a + oye + a2? + + + + ane, 


where n is an integer. This function is holomorphic for all finite 
values of z, and hence has no singular points in the finite region of 
the complex plane. To determine the nature of the function for 
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1 ‘ : 
z= 0, we put 2 = —, and examine the transformed function ¢(z’) 


~ 


for 2’ = 0. We have 


Oe ee et 


Qn 

yn 

which shows that ¢(2’) has a pole of order n at the origin, and hence 
f(z) has a pole of the same order at the point z = . 

The given conditions are also sufficient. To show this we assume 
that f(z) has no singular point of any kind in the finite region and that 
it has a pole, say of order n, at 2 = o. As we have seen in Art. 52 
the expansion of f(z) for values of z in the neighborhood of infinity 
is then of the form 


f@) = one” + one? --- + ae + F(z), 


where F(z) has z = © as a regular point. Since f(z) is holomorphic 
everywhere in the finite portion of the plane, it follows that the 
same expansion holds for all finite values of z and that F(z) must be 
holomorphic in the finite portion of the plane as well as in the 
neighborhood of infinity. The function F(z) is therefore a constant 
(Theorem XII, Art. 51). Denoting this constant by ao, we may write 


iC) Oe Oye ee Oe Qo, 


and hence f(z) is a rational integral function as the theorem requires. 

From this discussion it follows at once that a rational integral 
function is fully determined, except as to an additive constant, when 
the principal part of the expansion for the pole at infinity is known. 

We can now establish the fundamental theorem of algebra, which 
may be stated as follows: 

TueorEeM II. If f(z) vs a rational integral function, then the equation 

f(2) = oo + are + op? ++ +--+ + anp2z"*=0 (2) 
has at least one root. 

By Theorem I f(z) has no singular points in the finite portion of 
the plane and has a pole at infinity. Putting z = 5, it follows that 
o@) =f (;) has a pole at 27=0. By Theorem III, Art. 51, an 
is then holomorphic in the neighborhood of the origin. Conse- 
quently, 5 must be holomorphic in the neighborhood of z = #. 


But, as we have seen, every analytic function which is not a constant 
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must have at least one singular point either in the finite region or 
1 
(2) 


must be ae least one point in the finite region, say 2, at which the 


at infinity. Since can not havea singular point at infinity, there 


function —~ j has a singularity. This singular point can not be an 


essential singular point for in that case Zo cae not be a regular 


i® 


zero point of the given function f(z). This establishes the theorem. 

As a consequence of this theorem, it may be shown by the methods 
of elementary algebra that a rational integral function f(z) may be 
written as the product of a constant times n linear factors, where 
n is the degree of f(z). Consequently the equation (2) has n roots 
real or complex, and no more, each root being counted a number of 
times equal to its multiplicity. 

We have the following condition that an analytic function is a 
_ rational fractional function. 


point of f(z). Hence z must be a pole of —~ and consequently a 


TueoreM III. The necessary and sufficient conditions that a single- 
valued analytic function is a rational fractional function are that it has 
at most a pole at infinity and that it has a finite number of poles but 
no essential singular points in the finite portion of the plane. 


The given conditions are necessary ; for, if f(z) is a rational fractional 
function, it can be written in the form given in (1), where G2(z) is 
not a constant. The finite singular points of f(z) are . finite singu- 


lar points of G,(z) and the finite singular points of =—~, since there 


G2(2) i 

is by hypothesis no factor common to the two. By Theorem I 
Gi(z) has no singular point in the finite portion of the plane. By 
Theorem II G2(z) has at least one zero point in the finite portion of 


1 : : 
the plane. Consequently, Gale) has at least one pole in the finite 
2 
portion a the plane. Since G(z) can not have more than m zero 


points, Gs Ae) can not have more than m poles. Except in the neigh- 


borhood of the special points just mentioned Bo is holomorphic; 


for, in the neighborhood of every other finite point G2(z) is holomorphic 
and different from zero. It follows then that in the finite portion 
of the plane f(z) has no essential singular points, 
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To determine the nature of the function f(z) for z = 0, we put 


z= u and have 1 1 
, 1 Cts Cue tet On or 
—————— 

‘ Oey tte ai OT ory, 
Consequently ¢(2’) has at 2’ = 0, and therefore f(z) has at z = 0, 
a pole, a regular point which is not a zero point, or a zero point 

according asn > m,n = m,n < mM. 

The given conditions are also sufficient. To show this let us assume 


that the poles of f(z) in the finite region are at Bi, Be, . . . , Bm, and 
let us denote their orders by ky, ko, . . . , km, respectively. Then 
from the definition of a pole, we have 

Gi@) = (@— 6i)"(@ — 62)". . (2 — Bn)*= f@); (3) 
where G;(z) is holomorphic over the entire finite region and is differ- 
ent from zero for 2 = fi, Be, ..., Bm. However, if Gi(z) is not a 


constant, it must have at least one singular point, and since this 
can not be a finite point, it must be the point at infinity. More- 
over, this singular point must be a pole, for otherwise f(z) would also 
have an essential singularity at infinity. It follows from Theorem I 
that G,(z) is either a constant or a rational integral function. 

From (3) we have 

f(z) at G; (2) = Gi(z) F 
(2 — Bi)*(z — Bo)* . 2. (2 — Bm) — Go(z) 
where G;(z) and G2(z) have no common factor. Consequently, f(z) 
is a rational function as stated in the theorem. 

A single-valued function f(z) having a finite number of poles but no 
essential singular points in a given region S is said to be meromorphic 
in S. Thus a rational fractional function is meromorphic in the en- 
tire complex plane. The function w = tanz is meromorphic through- 
out the finite part of the plane, the poles being the zeros of cos z. 

As has been pointed out, a rational function may be either integral 
or fractional. We may now combine the results of Theorems I and 
III into one theorem for the unique characterization of rational 
functions. That theorem may be stated as follows: 


THEOREM IV. The necessary and sufficient condition that a single- 
valued analytic function is a rational function vs that it has no essential 
singularities. 


We can now establish the following theorem. 
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THErorEM V. A rational function is definitely determined, except 
for a constant factor, by its zero points and its poles in the finite portion 
of the plane. 


Let f(z) be the given rational function. There can be but a finite 
number of zero points and a finite number of poles. Let the poles 
in the finite region be 61, B2:, . . . , Bm having respectively the orders 
ky, ko, . . . , km. These points must then appear as the zero points 
of the rational integral function G2(z) in the denominator of the given 
function. We may then write 


Go(z) = C2 (z a Bi) *(z ae Bo) * ars (2 = Bm) *m. 


The finite zero points of f(z) appear as the zero points of the rational 
integral function Gi(z) of f(z). If we denote these zero points by 
Qi, G2, ..., @, and their orders respectively by 1, T2, - ~~, Tn, 
we have 
Gi(Z) => Gs (z = a) "(z = Qty)" aie eats (z — Qn)™. 
We have then 
Gi (2) (2 — a)"(@ — ae) . . . (2 — an)™ 
TO = Ga) “= BEB)... Ba 


Ci : 
where C = —. In case G2(z) reduces to a constant, the function 


Cy 
f(z) isa rational integral function having but one pole, namely z = ©. 
Any rational function f(z) can also be expressed as a constant or a 
rational integral function plus a finite number of rational fractions 
of the form 


where a, 6 are real or complex constants and » is a positive integer. 
To express a given rational function f(z) in this form consider the prin- 
cipal parts of the expansion at the various poles. Let the poles of f(z) 
in the finite region be #1, Bo, ..., Bm, having respectively the 
orders ky, ke, . . . , kn. Let the principal part of the expansion at B; 
be 

(C= 81) eee (@—= 6) 
Subtracting this from f(z) we have left a function that is holomorphic 
in the entire finite portion of the plane except at Bo, ..., Bm 
Proceeding in the same manner with the remaining poles just enu- 
merated, we finally have a function that is holomorphic in the entire 
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finite plane and that has at most a pole at infinity; that is, we have 
a rational integral function, say of the form 


e+ ce + ce? + + + + + ene”. 


We then have 


f{(@ =e+ oz + me + ieee + C2” 


Cah Cha ae CA 
C6 Gee Ga 
C oh hee el oe eS 
+G—ph! Gaye TB) 
(m) (m) (m) 
Coke | Crh tl ee ae 
} (z —= Bm) *m r (z = fib hoa Z (Z ey Bm) 


The terms in the first row of this expansion, aside from the constant 
term c, constitute the principal part of the expansion of f(z) in the 
neighborhood of infinity. Consequently, we have the following 
theorem. 


THrorEM VI. A rational function is definitely determined except 
for an additive constant by the principal parts of its expansion at its 
various poles. 


The following examples furnish illustrations of Theorems V and VI 
and are left as exercises for the student. 
Ex. 1. If a function has no other poles than simple poles at zg = 1, —1, and 


its only zero points are of the first order and located at z = i, —i, show that it is 
necessarily of the form 


Ex. 2. Show that a function having no singularity either in the finite part 
of the plane or at infinity, other than a pole at the origin with the principal part 


Sane 
ae 
@ @ 


is of the form 
22+3 
a 


Bay 2 
fe =5+5t+e= 


TurorEeM VII. The sum of the residues of a rational function is 
Zero. 


Let f(z) be the given rational function. This function will have 
no essential singular points, but will have a finite number of poles, 
one of which may be at infinity. Let C be any circle in the finite 
region not inclosing any of the poles of f(z) and not passing through 
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any such points. This circle, described in a clockwise direction, may 
be regarded as the boundary of the region exterior to it, that is the 
region containing all of the poles of f(z). 

The value of the integral 


of $0 a 


taken in a clockwise direction, is by Theorem II, Art. 53, equal 
to the sum of the residues of f(z). 
The value of the integral is unchanged 
except as to sign if it be taken in 
the counter-clockwise direction in- 
4) stead. But since f(z) is holomorphic 
within and along C this latter in- 
tegral vanishes. Hence taking the 
integral in the clockwise direction it 
is zero also. It follows then that the 
sum of the residues of f(z) is neces- 
sarily zero as stated in the theorem. 

Some of the general properties of 
single-valued analytic functions that 
lead to special properties of rational functions may be readily de- 
duced from a consideration of the logarithmic derivative, namely 


Fra. 100. 


that is the quotient of the first derived function by the function itself. 
If the pomt z = % is a regular point of f(z) and if f(é) is different 
from zero, then this point is a regular point of the logarithmic deriv- 
ative. We shall see, however, that if f(z) has a zero point at 2p, 
the logarithmic derivative is not holomorphic in the neighborhood 
of z. We have in fact the following theorem. 


TuroreM VIII. If f(z) is holomorphic in the neighborhood of the 
point 2 = 2 and has at this point a zero point of order k then the loga- - 
rithmic derivative has at the same point a simple pole and a residue k. 


The given function f(z) has a zero point at z of the order k, and 
hence it can be written in the form 


f@) = @-a)'e@, 6) 
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where 2 is a regular point of ¢(z) and this function is different from 
zero for 2 = 2%. We have, therefore, 
f'@) =k @—a)"6@) + &@ — 0)'6'@), 


and hence obtain 


f') k ¢ (2) 
/ ae ‘ 6 
j@ 2a 6) Y 
The function 2 8 is holomorphic in the neighborhood of z. The 
OF 


Laurent expansion of in powers of (2 — 2) contains but one term 


F(2) 


: : k 
having a negative exponent, namely ———-; the rest of the terms 
2-2 


have positive exponents, since they arise from the expansion of the 
$'(2) 
(2) 


z= % is a pole of order one, as required. 


holomorphic function Hence, the residue is k and the point 


THEOREM IX. [Jf f(z) has a pole of order k at z = 2, then the loga- 
rithmic derivative has at the same point a simple pole and a residue —k. 


We may write 


(2 ~ 20)* f(z) = o(2), 


where ¢(z) is holomorphic in the neighborhood of the point z = 20, 
and is different from zero for z = 2. 
We have then for z # 2 


_ _ (2) 
f() = (2 — Zz)’ 
and f'(2) =, d (2) (2 = “Yr ee 20)*!(z) ‘ 


Hence, we obtain 
@ _#@) hk 
si) o(Z) 2-—% 
We 
Since oo is holomorphic in the neighborhood of z = 2, the expan- 
sion of the second member of the foregoing equation in powers of 
(z — z) contains but one term with a negative exponent, namely 
— is 
sale and hence the residue of the quotient F@) 
C—O f(2) 
point z2 = 2 is a pole of order one, as stated in the theorem. 
In the previous article we have shown that if f(z) is holomorphic, 


(7) 


at 2 1s —k and the 
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except for a finite number of poles, in a closed region bounded by a 
curve C, then the integral I. f(z) dz is 2mi times the sum of the 


residues at the poles of that region. If we now apply this result 
in evaluating the integral of the logarithmic derivative, we obtain 
the following theorem. 

; ee ea 
TuroreM X. The integral Dnt Jefe) 
around the boundary C of a closed region in which the rational function 
f(z) is holomorphic except at a finite number of poles is equal to the 
number of zero points of f(z) in this region diminished by the number of 
poles, each zero point and each pole being counted a number of times 
equal to its order. 


dz taken in a positive sense 


It should be noted that Theorems VIII, IX and X apply when 
2) 1s the point at infinity observing of course the convention as to the 
direction of mtegration about the point at infinity. In that case 
the given function may be written in the form 

f(z) = #¢(), 
where ¢(z) is holomorphic in the neighborhood of infinity and differ- 
ent from zero forz=o. If \ =k >0, f(z) has a pole of order k 
at infinity, and if \ = —k, f(z) hasa zero point of order & at infinity. 
We have then for the logarithmic derivative 


f'@) _ #62) + 20') 


fe zb(z) 
eh Pe) 
Zz (2) 
By Theorem III, Art. 58, the residue of ie is —\, provided 
a : a is holomorphic in the neighborhood of z= 0. This condi- 


tion is easily seen to be satisfied by substituting — for zg and examin- 
2 


ing the transformed function in the neighborhood of 2’ = 0. 
This discussion leads to the following theorem. 


THEorEM XI, A rational function is just as often zero as infinite, 
when the entire complex plane including the point at infinity is considered, 
each zero point and each pole being counted a number of times equal to 
ats order. 
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This theorem follows at once from Theorem VII concerning the 
sum of the residues of a rational function. It was shown that this 
sum is necessarily zero. Hence, from Theorem X the number of 
zero points must equal the number of poles, each being counted a 
number of times equal to its order. 

The foregoing theorem admits of a generalization as follows: 


TueorEeM XII. A rational function of degree \ takes any given 
value, real or complex, exactly times. 


If f(z) is rational, then F(z) = f(z) — C is also a rational function, 
where C is any constant. By Theorem XI the function F(z) must 
be as often zero as infinity. Hence, we may say that f(z) takes 
any arbitrary value C as often as F(z) becomes infinite. We shall 
now show that F(z) becomes infinite a number of times equal to the 
degree of the function f(z), thus establishing the theorem. 

The degree of F(z) is the same as that of f(z). The function F(z) 
may be written in the form 


On ie a a ane 
Bo + B12 ++ er Ne eae 


where the degree \ of F(z) is the larger of the two numbers n, m, or 
equal to either m or nin casem = n. In any case F(z) has a pole at 
every point where the denominator vanishes; for, by hypothesis the 
numerator and denominator have no common factor. 

For n = m = X there are ) poles in the finite portion of the plane 
corresponding to the » zero points of the denominator. (We can 
show as follows that the point zg = » is a regular point of F(z). 


F(z) = On 0, Bm 70; 


Putting z = i the transformed function ¢$(2’) is 


ay oN 
omtostee eto 
0 Zz! 2!® az” aye! ed) + a 


AS a cea rN Rh A Al pus ee. ‘ 
ee ewan ee Grae 


which is - for 2’ = 0. Since ¢(2’) is holomorphic in the neighbor- 
r 
hood of the origin, the point z = » isa regular point of F(z). In this 
ease then the number of poles of /(z) is equal to the degree of the 
function. 
For n < m, there are m poles of F(z) in the finite region corre- 
sponding to the m zero points of the denominator. In this case also 
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the point z = 0 is a regular point of F(z), in fact F(z) has a zero 
point at infinity; for, we have 


Oo An 
a == ; 
NCiy= is or 2! =e i aor gin age ae * ae. ae angi” 
Br Bn Boe!” Sia ber + +++ + Bn , 
Bo ae -4t—4 ae 


which is equal to zero for 2’ = 0. The fatal number of poles of F(z) 
is therefore m = 2, the degree of F(z). 

If we have n > m, then in addition to the m poles corresponding 
to the zero points of the denominator, F(z) has a pole of order n — m 
at infinity; for, we have 


Qt Qn 
Bhs NS on 
: 2 gin ane’™ + ay2/" aes - t+ ay 


Rae Go eee F Baa 
Bo Ans) es Se ar 

Z 
which has a a of order n — m at 2’ = 0. Hence F(z) has a pole 
of the same order at infinity. In this case therefore the totality of 
poles is equal to n = X, the degree of F(z). Hence the theorem. 

55. Transcendental functions. As we have seen, an analytic 
function that is not algebraic is a transcendental function. As 
all single-valued algebraic functions are necessarily rational, it 
follows that any single-valued analytic function that is not rational 
is transcendental, and hence we can now readily identify such func- 
tions by means of their singularities. A single-valued transcendental 
function must have an essential singularity; for, otherwise by 
Theorem IV, Art. 54, it would be a rational function. If a single- 
valued analytic function G(z) has no singularity in the finite region 
and has an essential singularity at infinity, it is called a transcendental 
integral function of z. The expansion of such a function in a Mac- 
laurin’s series gives 


G(z) = ao + ae + ae? + +++ far t.+-, (1) 


which converges for all finite values of z. If in (1) we replace z by 


1 : : 
Weegee have a transcendental integral function of 
=e, 2 


o(2') = 


—, hamely 
=e 


dy a <a ee 


From the form of the expansion it will be seen that this function has 
but one singular point, namely an essential singular point at z = 2. 
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Conversely, if a single-valued analytic function has an essential 
singular point at z= 2 and has no other singular points, then it 
can be expanded in the form given in (2) and hence is a transcendental 


integral function of 


2 £0 

As we have seen, a power series may be integrated or differentiated 
term by term for values of the variable within the circle of con- 
vergence, and the resulting power series has the same circle 
of convergence as the given series. Consequently, the integral or 
the derived function of a transcendental integral function G(z) is 
represented by a power series that converges for all finite values of 
z and hence is itself a transcendental integral function. 

The following functions are transcendental integral functions: 


sing = Z ait Bt zt 8 
Boe ie 

COs aon a ala ; 

’ (ge eon tees 

sinhz=z2+a5tpatat : 5 
oe Tie ese 

coshz=1+5q5+aiteit ° 


A transcendental integral function differs from a rational integral 
function, in that it may have no zero points or it may have an infinite 
number of zero points. For example, the function 

The) =e 
is different from zero for all finite values of z. In fact we may state 
the following theorem. 


TuHeorEeM. Any transcendental integral function f(z) having no 
zero points may be written in the form 


pie er, 
where G(z) is an integral function. 


Since f(z) isa transcendental integral function, f’(z) is also a trans- 
cendental integral function, and as f(z) has no zero points, then 
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is an integral function, as is also the function defined by the integral 


a Aa (z) dz. We have then the integral function (2) defined by the 


relation 
(2) = ie "F(2) dz = te dz = logf (2) — log f(z). 
Putting $(z) + log f(z) = G(z), 
we have log f(z) = G(z), 
whence f@ = &, 


where G(z) is an integral function. 
The function 
f@ = BE) &*®, 


where R(z) is a rational integral function and G(z) is an integral 
function, is a transcendental integral function having a finite number 
of zero points. As an example of a transcendental integral function 
having an infinite number of zero points, we have 


Tee eine, 
which is zero at the points 
@= 0 se, S20, 5 2. Eka; 


A transcendental integral function differs from a rational integral 
function in still another way. As the rational integral function has ¢ 
pole at infinity, there always exists a circle about the origin such that 
for all points exterior to this circle we have | f(z) | > M, where M is 
an arbitrarily large number. Since a transcendental integral func- 
tion has an essential singularity at z = oo, the given function may be 
made to approach any value as z becomes infinite. Consequently, 
there are always values of z exterior to any circle however large 
about the origin for which | f(z) | > M and also values of z for which 
| f(z) | < ¢, where e is an arbitrarily small positive number. 

A transcendental function having poles but no essential singular 
points in the finite portion of the plane is called a transcendental 
fractional function. This distinction between transcendental inte- 
gral and transcendental fractional functions is suggested by the 
corresponding distinction between rational integral and rational 
fractional functions. In both cases a function is called integral 
when it has but one singular point and that is at z = 0. Likewise 
in both cases we call a function fractional if it has poles and no other 
singular points in the finite region, 
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The functions 
Zz 


sin 2’ 


tan 2, seer 


are illustrations of transcendental fractional functions, for they have 
an essential singular point at infinity and poles but no other singular 
points in the finite region. Hach may be written as the quotient of 
two integral functions. It will be shown later (Art. 57) that every 
transcendental fractional function can be written as the quotient of 
two integral functions. 

We have pointed out that any rational function can be expressed 
as the sum of a rational integral function and fractions of the form 


eee ae 

(2 — 2)” 
It is not difficult in that case to set up the function when the prin- 
cipal part of the expansion is known for each of the various singular 
points, which for rational functions consist of a finite number of 
poles. The corresponding problem for transcendental functions, 
namely, the problem of setting up a function with arbitrarily chosen 
singular points and with corresponding arbitrary principal parts, is 
much more difficult. The question of the existence of an analytic 
function having a given infinite set of singular points, with given 
principal parts, will be considered in the following article. 

56. Mittag-Leffler’s theorem. Suppose we have given any in- 
finite set of numbers 2, 2, ..., 2, ... , all different, having the 
property that 

Var lea leze ee Spi = 2, | = meee 


and suppose that 
Zh ®. 
k=a 
Mittag-Leffler was the first to show* that there always exists a - 
single-valued analytic function having these points and no others as 
singular points, with given principal parts of the form 


Gi ( : ), en a ee (1) 


&— & 


: : ; 1 : 
where G; is an integral function of pret rational or transcendental. 


k 


If, as in rational functions, we add together the functions (1) we have 


* See Encyklopddie d. Math, Wiss., Bd. IIz, p. 80, 
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in this case an infinite series. Whether the function defined by this 
series is everywhere holomorphic except at the points z, depends 
upon the nature of the convergence of the series. Mittag-Leffler 


ite ; one il 
showed that by associating with each principal part G;, (; =) a 
amok 


suitably chosen polynomial the series can be made to converge uni- 
formly and hence define a function having the desired properties. His 
theorem may be stated as follows: 


THEOREM. Given an infinite set of points 


#1) 22) 238) » s+ © 9 Shy « = « 
such that 


0<|a|/=\la|= acne 


IIA 
| 


| 2x | ae! Z, = 0. 


k=00 


There exists a single-valued analytic function which is holomorphic for 
all finite values of z # z, and which has an arbitrarily chosen integral 


=); as the principal part of its ex- 
&— & 


© 


function of patie namely Gy ( 
a ek 
pansion in the neighborhood of zx. 


Let Ci cl Oy “fe ye OE toe a (2) 


be a convergent series of positive 
terms. The function 


Ga( : i k= 1,253, 0%, 


is holomorphic everywhere in the 
finite region except for z= 2. 
It can be expanded in a Mac- 
laurin series, and this series con- 
verges and represents the func- 
tion for all values of z within a 
circle Ci, (Fig. 101) about the 
origin as a center and having 
| z. | as a radius. Consequently, 
we may write 


Fig. 101. 


Gi (, 2 =) = aon + ane + ape? + +--+ + One” free, (3) 


Within and upon a circle C;’ about the origin and having a radius 
pr = 0 | % |, O <6 <1, the series in the second member of (3) con- 
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verges ye Then there exists an integer mz, such that for z 
within or upon C;’ we have 


ive) 


>; Anke 


n=m,—-1 


<CK; (4) 


that is, putting P;(z) equal to the polynomial 
Qe a Qik 4 Oke apt ee Op, 0 ee 


formed by taking the first m, — 1 terms of the series (3), we have, 
for z within or upon C;’, 


1 
en (—) ae P,(2) 


Denote by R& the radius of any circle C about the origin. Then in 
the sequence 1, 2, 3, . . . there can be found an integer, say 7, such 
that we have 


< One (5) 


ieee: 
For all values of z within or upon the circle C, z must also lie within 
CERO eee 
and hence for these values of z (4) holds for k 
within or upon the circle C consider the series 


2 | = (: : 2) Toe (6) 


By (5), each term of this series is less in absolute value than the corre- 


= 


r. For values of z 


ive] 
sponding term o; of the convergent series of positive terms > Oke 


Hence, by Weierstrass’ test for uniform convergence (Thesrert it 
Art. 45) the series (6) converges absolutely and uniformly within and 
upon the circle C. As each term in this series is a holomorphic 
function, it follows that the series defines a function which is holo- 
morphic in the region bounded by C. 


The expression 
a Sa(2 5)- Pile) (7) 


is the sum of a finite number of functions, which sum is holomorphic 
in the region bounded by C, except for those points of the set 2, 
Zo, ... , &-1 which lie within or upon C. Combining (6) and (7), 
we have a function 


F(z) ->} a (== = 5) - Pet, (8) 
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which is holomorphic in the region bounded by C, except for these 
same points. But since C is any circle about the origin it follows 
that the function /’,(z) has the properties desired, and the theorem is 
established. 

If now we add to the function F,(z) any integral function G(z), 
rational or transcendental, we obtain a more general function 


F(Z) = Fiz) + GQ), 
which also has the same finite singular points with the same principal 
parts respectively as F’,(z), and consequently F(z) satisfies the condi- 
tions of the theorem. Conversely, if F(z) is a function having the 


singular points 
ily (ike o 8 b&b 9 AB, O 


with the principal parts 


Gs , i Gs ( : ), Oi TS) Ga d ); 
= 20 2 €9 ‘Caner 


respectively, then 


F(z) — F,(z) 
is an integral function G(z), and therefore we have 
F(z) = F,(z) + G(z). 


For special cases a simpler form of the required function can be 
shown to exist. For example, let us consider the case where the 
function is to have simple poles at the points 


iy, iy OS Sh Ei ho 9 


and where at each pole the residue is one. The principal part of 


the expansion in the neighborhood of each of the points z, is then 
il 


The series (3) then becomes 


Ciamuels 
ee ee! zZ ee 
a a ee oe art 
mMm).— on 
and Pia) = — <u 
n=0 “hk 


The series (6) can then be written 


& }*(=5)- sa ©} -> > = (2) (9) 


=r n=mM,.— 1 


But we have 


Z| < 6 for all values of 2 within or upon the circle C, 
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where k = r. Therefore, for k = r and z within or upon C, we have 


my—L 


SiR 
- 1 2\”_leel len a WA 
pest pike || ae 
n=m,—1 @k ek Jie i | 2 |" 
fk 
Hence, from (9) we have 
ie AY il 1 ore" il il oe g \m 
ral =)- Pel @{ 7s ~~ za ere Zn (10) 


It follows that the series of holomorphic functions in the left-hand 


member of (9) converges uniformly and represents a holomorphic 
ity 


function within and upon the circle C if the series >», = converges 


= | && 
uniformly. By the Weierstrass test for uniform convergence this 
series converges uniformly if its terms are numerically less than the 
corresponding terms of a convergent series of positive terms. It is 
sufficient to take m, = k; for, since 


A) <2 ily 
Zk 
we have 
—, | 2 lm <2 
—| < oF 11 
2 = > (11) 


oa) 


where > #* is a convergent series. 


k=r 
If there exists an integer p independent of k for which the series 
zs (12) 


converges, then the series 


Sl 
k=r eh 
also converges and we may put m, =p. In this case, therefore, the 
degree of the polynomial P;(z) does not need to increase indefinitely 
with k. 
Consequently, if 
CSE SR eres Taree 
are to be simple poles and if the function F;(z) has the residue 1 
at each pole, then from (8) F:(z) takes the simple form 
E i il 2 Cael 
rie =} eee Pe Sa ypel (13) 


ue — en) ee 
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If there exists a constant p as given by (12), then we may put v = p. 
In case no such constant exists, then we need at most put * v = k. 
In Art. 44 it was shown that the series 


converges. By aid of the special case just considered, it follows that 
the function 


1 Zz 
ro =44+ D545 +8 (14) 
has simple poles of residue one at z = 0 and at each of the points 
z=. With the exception of these points the function is holo- 
morphic in the entire finite plane. 
Differentiating (14) term by term and changing the sign of each 
term we have another important function namely 


, 1 , 1 1 
of) = = 0 = 2+ D/ \o a ah (15) 
By differentiating again, we have 
; 2 aa 


The three functions (14), (15), (16) are made use of by Weierstrass 
in the theory of elliptic functions. 

57. Expansion of functions in infinite products. In addition to 
expanding an analytic function by means of an infinite series, another 
method is often employed, namely infinite products. Suppose we 
have the infinite sequence 


(1+ a1), (L+ta),..., Ita), .... 


The continued product of the first n elements may be denoted by 


[L= 1} (1 + ax). (1) 


If at most a finite number of the factors (1 + ax) are zero, that is if 
there exists a positive integer m, such that for k = m, all of the 
factors are different from zero, then the product (1) is said to con- 
verge if the limit 


L ial (1 =f Qk) , 
k=m, 


n=0 }. 


* Borel has shown that it is sufficient to put » > log k (Lecons sur les fonctions 
entiéres, p. 10). 
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exists and is different from zero. If the product tends toward zero, 
or becomes infinite, or if for any reason it does not have a limit as n 
increases indefinitely, then the infinite product is called divergent. 

The necessary and sufficient condition that an infinite product 
converges may be stated as follows: 


THEOREM I. The necessary and sufficient condition that an infinite 
product converges is that corresponding to an arbitrary positive number 
e there exists a positive integer m such that for all values of n > m we 


have 
n+p 


[J G4 @) —1) <<. Deel eae tal ete (2) 
k=n+1 

Consider the sequence of the products 
m,+1 m+2 n 


IL, ile on Meri era (3) 
By Theorem VI, Art. 12, the necessary and sufficient condition that 
this sequence converges is that for every positive number e there 
exists an integer m such that 
n+p n 


lll 


my, my 


Sa, mS ia, 2p.— 1,213 eae) 


We shall show that this condition is equivalent to the one given in 
the foregoing theorem. If the given infinite product converges, then 
we have 


ie bos 0 


my 


There then exists a number M > 0, such that for all values of n > m, 
we have 


> M. (5) 


ti 


Dividing (4) by (5) we get 


n+p 
—aae ae n>m, — p=1,2,3,..00% 
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Putting <4 = e, this result may be written 


n+p 
Li 
n-+1 
which is the condition given in the theorem. 

Conversely, suppose we have given the inequality (2). We may 
write 


<€, ee ties 1 Ott aah ees A 


n+p 


II 
Il 


my 


But from the condition (2), we have by aid of the above relation 


n+p 


Bae fee ie 


TI 


my, 


“: = jl < €, n>m, (Vist GE Bae ar (6) | 
Il 
that is, we have 
n+p 


—e< 


n 


II 


my, 


n+p 


nt 


my 
Suppose we now give to n any definite value greater than m, say 
n= %m-+yv. Since e may be chosen arbitrarily, it follows from (7) 


n 


(1 — e) << 


(Ie ei i] 


my, 


Le xe p i Nee i ee By AG) 


that each element [] of the sequence (3) is in absolute value less 


my 
than a positive number N, which is the largest number in the firite 
sequence 
m +1 


1b 


my 


m,+2 


IT 


my 


m+ry—-1 


IT 


my 


my+y 


’ (Up) ah 


where p is any constant greater than zero. Likewise each element 
of (3) is larger in absolute value than a positive number Ny, which 
is the smallest number in the finite sequence 


) Dag SOS Ad ) 


my +1 


IT 


my 


mite 
IL 


my 


my+rv—-1 


I 


my 


my+y 


iit 


my, 


) DCA RES 9 Piehss 
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From (6) we have 
ntp n 
1 = 1G 


m4 my 


AME 


my 


<eé Mee Wee al 23,0 as aes 


n 


JAF 


my, 


But since we have < N, it follows that by putting 


where ¢’ is arbitrarily small, we have 
n+p n 


IL-1 


my my, 


aes Di TLR peek 


Hence, the condition given in (4) is satisfied and the limit 


Lil 


n 


if 


the positive number N,, it follows that A #0. Hence the given 
sequence converges and the demonstration of the theorem is com- 
pleted. 

If the product J[ (1 + | |) converges, then the product 
TI (1+ax) is said to converge absolutely. If an infinite product 
converges but does not converge absolutely, it is said to con- 
verge conditionally. As a condition for absolute convergence, we 
have the following theorem. 


exists. Suppose the limit is A. Since is always greater than 


TuroreM II. If the series SS, a converges absolutely, then the in- 
k=1 


fimite product 


TL + a) 
k=1 
converges absolutely. 


From the convergence of the series Lax, it follows that only a 
finite number of the factors (1 + ax) can be zero. We assume as 
before that for k = m the factors are all different from zero. We 
may then write for n > m 


n 
IL (1 + ap) = €l08 Lem) +log tamer) + + + + Plog (+a) + + + + + log (1-te,). (8) 


k=m, 


le SINGLE-VALUED FUNCTIONS [Cuap. VII. 


The given product will then converge absolutely if the series 
Nog Cle Pern |) Oe Cla Geet |e Oe Clear) eee) 
converges. But this series converges, if the series 

Meee thet eto mater act cee epee (10) 


converges; * for, the ratio of the general terms of the two series, 
namely 
y 


log (1 + | a 


| on. | 


has the limit 1 as k becomes infinite. Since the series (10) con- 
verges by hypothesis, that is Na, converges absolutely, the theorem 
follows. 

In the discussion of rational integral functions we saw that such 
functions are determined except as to a constant factor when the 
zero points are known. In the case of transcendental integral 
functions we saw that the given function might have no zero points, 
or on the other hand it might have an infinite number of such points. 
If we have given an infinite set of points 


AUI-- 3 CC ,F C 


having z = © as a limiting point, it is of interest to see whether an 
integral function can be set up having these points and no others as 
zero points. Clearly such a function must be a transcendental func- 
tion, since a rational integral function can have but a finite number of 
zero points. Weierstrass has shown how the desired function can 
be represented by an infinite product. It is at once clear that if 
(z) is suck a function and G(z) denotes an integral function, then 
F(z) = ®(z)e&@) 


is also such a function, since as we have seen e“) can have no zero 
points. The function e@ plays the same réle that the constant factor 
does in the representation of a rational integral function as the prod- 
uct of a finite number of binomials. 

We may now state the following theorem. 


TuHeEoreM III. Given a set of points 
Cat Na me a | Oe ae (11) 


not including the origin such that 


aul bas | Sea eee eles es cy ee Pee Pe eek 
k 


* See Bromwich, Theory of Infinite Series, Art. 9. 
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There exists a transcendental integral function of the form 


2 Fe 1/z\2 1 z\m, —1 
(2) — T(t =a yeas tal) ea | te) 


k=1 ®k 


having the points 2, and no others as zero points. Moreover, the function 
TCSII ES) 


is the most general function having this property. 


Consider the infinite product 


nee oy 


@ 


where $x (2)is a rational integral function of (: ) as yet undetermined. 
k 


Ik 


The factor 


is called a primary factor. This factor has one and only one zero, 

namely z =z. Weshall show how the functions ¢, (2), ki 12 ees 
Ie. 

can be determined so that the infinite product (12) will converge 

in an arbitrarily large circle and define a function having the 

required properties. 

Let C; (Fig. 101) be the circle about the origin as a center having 
|z, | as a radius. Let C;’/ be a circle concentric with C;, and having 
the radius 

pr OA Zee QAO = il. 
Denote by F the radius of any circle C about the origin. Then there 
exists an integer r such that C lies within 


GRO ores 
and that within and upon C we have at most the points 

Phe PEM vast ares (18) 
The product of the corresponding primary factors is an integral 


function having the points (13) as zero points. The remaining 
factors of (12) give rise to the product 


Tr (1 a 2) De e) (14) 


ek 
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For any integer q we have 


2 rq Z ; 
tl ( oF Ce ea) (15) 
kar A 


Hence, the convergence of the infinite product (14) will follow from 
the convergence of the series 

— zZ 2 

> Hoe (1 os 2)+ Pk (2) (16) 
Since all of the points z;,, k = r, lie outside of the circle C, it follows 
that if the right-hand member of (15) converges, it defines a function 
that does not vanish for z within or upon C. Consequently, the same 
may be said of the infinite product (14), provided this product is 
convergent. 


Expanding log (1 — a in a power series, we have 
eh 


zZ me ALN a RNS ib ane = 
ble l= rly) ale algo at 


Suppose we let ¢, (=) be of degree m, — 1, where m;, — 1 is to be de- 
k 


termined later. We may then put 


2 zZ 1/22 1 ENGL 
ee (=) a 5 (=) Seo anit Sie 


From (16) we now have 


oe (te aytes (5) << 2 3 a (18) 


k=r k=r n=m, 
We have 
Re Olen | k=r. 
For all values of z within or upon the circle C, we have then 
Z 
a k= r. 
ek 
By aid of this relation we obtain 
2 |M 
= Li 2\? i he 2b 1 2 |Mmx 
pa Mal aa O\z 
n=m, k n=m, ' © il = ae ae 
ek 
Hence, from (18) we have 
eo ao ao 
ae 1 2 |m 
-¥ 32) |< 3/2 a9 
| k=r n=m, N\Ek if a Ore ek 
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It follows then that the series (14) converges uniformly if the series 


k 


My 


@ 
&h 


converges uniformly, which it does if m, =k, as we have seen 
(Art. 56). 

Each term of the series (16) is holomorphic for values of z within 
and upon the cirele C, and since the convergence is uniform, it follows 
that (16) and hence (14) defines a function which is holomorphic 
within and upon C. But C is any circle about the origin as a center, 
hence for m; equal to k the product 


oa) 


1 —1 
1 (1 al | ne ea es a 
Zz 


k=1 k 


defines a transcendental integral function $(z) having the required 
properties. If we desire the most general function of this type, all 
we need to do is to introduce as a factor the most general function 
that has no roots, namely the function e®®, where G(z) is an integral 
function. 

In the foregoing discussion the origin was not included in the set 
of zero points. If it is desired to include that point as a zero point, 
say of the order }, all that is needed is to add the factor 2 and write 


the function 
Lie) =e a2). (20) 


which is also a transcendental integral function. It is evident that 
by varying the function G(z) in (20) we may obtain an infinite num- 
ber of transcendental integral functions having the points given in 
(11) as zero points. 
We have seen that there may exist an integer p independent of k 
which causes the series 
paF. 
| Ze 


to converge and hence also the infinite product defining ®(z). We 
may then put m, = p and have 


p 


o Zz 1/z\? OW IN cae 
F(z) = aT] (1 = é) rg a) = eaee) : (21) 
k=1 k 


In the discussion of integral functions it is desirable to introduce 
what is known as the class of the function. For this purpose let us 


316 SINGLE-VALUED FUNCTIONS [Cuap. VII. 


suppose that p is the smallest integer that makes the series >, — 


Zk 
converge. Let us also suppose G(z) to be a polynomial, say of degree 
g. Then the class* of the integral function F(z) given by (21) is 
defined as the larger of the two integers p — 1 and g. Since the 
degree of G(z) can be changed without affecting the zero points of 
F(z), we may so choose the polynomial G(z) that g is less than p — 1 
and hence p — 1 is then the class of F(z). The class of any rational 
integral function is zero, as is also that of the transcendental integral 
function 


zZ 
{@ = iat (1 - 8) 
On the other hand, the function 


z 


sing —=12 TL(t- g)* 


k=—c 
is of class one. 
We have seen, Art. 44, for example, that the series 


> Le 


Q 
converges. Hence there exists a transcendental integral function of 
the form 
Boy WN vv z a ae Ne 
Ell (1 = AG ata) _ ee {toe (1-5) +8 +5(8) 


having the © points and also the point z = 0 and no others as zero 
points. This function is the o-function of Weierstrass and is of great 
importance in his development of the theory of elliptic functions. 
It is evidently a transcendental integral function of class two. 

It has been seen that every rational fractional function is the 
quotient of two rational integral functions. Such a function is 
uniquely characterized by the fact that it has at most a pole at 
z = o and only a finite number of poles in the finite region of the 
complex plane. In a similar manner, we have defined a transcenden- 
tal fractional function as one that has an essential singularity at 
z = © and only poles in the finite region. These poles may, how- 
ever, be dense at the point g = «©. We can now demonstrate the 
following theorem. 


* The term class is here used as the equivalent of the French word genre in- 
troduced by Laguerre, and the German word Hohe, introduced by V. Schaper. 
See Borel, Lecons sur les fonctions entitres, p. 25; also Osgood, Encyklopddie d. 
Math. Wiss., Vol. IL, Part I, p. 79. 
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TurorEeM IV. Lvery transcendental fractional function can be ex- 
pressed as the quotient of two integral functions. 


Let the points 
Bi kop take ore Shy eee rs (22) 
where 
SS ees | 2p! eer zy er 00, 
k=0 


be the poles of the given transcendental function f(z). If any of 
the poles is of an order higher than one, we shall regard a number of 
the points z, equal to the order of the pole as coincident. By The- 
orem III there exists a transcendental integral function G2(z) having 
the points (22) and no others as zero points. Moreover, at each 
point the order of the zero of G.(z) is the same as the order of the pole 
of f(z); for, in each case the number of coincident points 2 is the 
same. It follows that the product G2(z) - f(z) has no singular points 
in the finite region. Consequently, we have 


Ga(z) f() = Gil), 


where G;(z) is an integral function. It follows then that inlay 


fe) =e 


as the theorem requires. 

58. Periodic functions. In the discussion of elementary func- 
tions in Chapter IV, attention was called to the fact that certain of 
those functions are simply periodic; that is, the function remains 
invariant under a translation of the plane by means of the relation 


2 =2+ no, 


where n is an integer and w is the primitive period of the function. 
If.f(z) is the given function, we then have 


S(@ + nw) = fz). (1) 


In the illustrations considered the period-strips were taken parallel to 
the axes of codrdinates. It is not necessary, however, to choose 
the strips in that manner; for, if we locate the points 


Z + mw, 


where 2 is any point, and draw parallel lines through these points 
Tv 
2 
the strips bounded by these lines may be taken as period-strips. As 


making a convenient angle different from zero or 5 with the X-axis, 
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a matter of fact, the boundary lines of the regions of periodicity need 
not even be straight lines; for, all that is essential is that the plane 
be divided into congruent strips such that for any point z in any strip 
there corresponds a point z + nw in each of the other strips for which 
equation (1) holds. It is of importance also to note that a given 
function may repeat its values in a period-strip; for, as we have seen 
in the case of w = cos z, the period-strips are not identical with the 
fundamental regions of the function. 

Functions like the exponential function and the trigonometric func- 
tions are, as we have seen, simply periodic. Single-valued analytic 
functions may, however, have two independent periods, where we 
understand two periods of a function to be independent if they are 
not integral multiples of the same primitive period. For example, 
a function is said to be doubly periodic if it has two periods 2 «, 2 ws, 
which are independent of each other and of z, such that a translation 
of the plane by either of the relations 


Z = 2+ 2.0, (2) 
2’ =z2+ 2a; (3) 
leaves the function unchanged. We have then the two relations 
f@+ 20) = f@, (3) 
f(@ + 20s) = f(2). (4) 


As in the case of simply periodic functions, any translation of the 
complex plane by means of the relations 


2 =2+2ma, Migeeece NG ake ey oe (5) 

2’ = z+ 2 mus, Vite: == Me ei, seen (6) 
also leaves the function unchanged. It follows at once that any 
combination of the translations (5), (6) leaves the given function 
invariant, since any such combination may be regarded as a suc- 
cession of translations by means of (2), (3). We may then write 


f(@ + 2 mw + 2 msws) = f(z), (7) 
which shows that 
Q = 2 myo. + 2 msws3 (8) 
is likewise a period of the given function. 

If all of the periods of the given function can be written in the form 
(8), that is if every such period can be expressed as the sum of integral 
multiples of these two periods, then 2 , 2 ws; are called a primitive 
period pair. 
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In order that any two pairs other than 2 a, 2 w3;, for example 
2 mio. + 2 m2'ws, 
2 mw, + 2 m3’"ws, 
may be taken as a primitive pair, it is sufficient that we have 


= ae Il. (9) 


_ lm! ms’ 
os | my!” m3" 


For, let 2 «’, 2 3’ be any two independent periods of f(z) other than 
21,23. Putting 

2m’ wo, + 2ms'w3 = 2 wr’, 

2m" wo + 2m;""w; = 203’, 
and solving for 2 a, 2 w3, we have 


2 Oti— 2 ms! "a" _ 2 sess 9 ws = a Y Qo 2 my'ws" r (10) 


If A = +1, then 2 a, 2; are each a sum of multiples of 2 wy’, 2 w;’ 
and consequently any period 
Q = 2 mw + 2 mw 
of f(z) can be written in the form 
Q = 2 nw’ + 2 nsw’; 
hence 2 w;’, 2 w;’ are a primitive period pair. 


THeoreM I. Let f(z) be a single-valued doubly periodic analytic 
function with the independent periods 201, 203. Then rf f(z) is not 


A W3 
a constant, the ratio — can not be real. 
wy 


5 (aoey 5 
Let us assume first of all that the ratio — is real and commen- 
WL 


surable, say 


og’ 
where p, q are integers prime to each other. We shall show that 
this assumption leads to a conclusion which is contrary to the given 
hypothesis. Since 2 a, 2 w; are periods, it follows that 2 mw, + 2 mews 
is also a period. But from the assumed relation, we may write 


2 mio, + 2 m3w3 = 2 as(m, + m3 4) = 2 w3 (mt +} ms) 
me: wi(mag + map) a2 w3(mag + Msp) (11) 


q p 
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Since p, q are relatively prime, m and m; can be so chosen that * 
mg + msp = 1. 
Consequently, we obtain from (11) 
2 mow, + 2m303 = am = ies = 74H), 
q Pp 
where 2 is a period. Hence, we have 
20, = 2 qu, 203 = 2 pw; 
that is, the periods 2 «, 2 w; are each multiples of a common period 
2w and hence are not independent. 


5 5 . a AOEY 6 ° 
Likewise the assumption that the ratio — is real and incommen- 
wy 


is W3 : 
surable leads to a contradiction. For, let — be converted into a con- 
wr 


. . W3 4 s 
tinued fraction. Then — must he between any two consecutive 


1 
convergents,} say 
Pk Pry | 
de dk 
Hence, the value of “* differs from either of these convergents by less 
Wy 
than We may then write 
QkeVk+1 
W3 ~. Pr 1 
ont dk Ue 
| or | 
whence | qs — Dror | < : 
Ck 


But since q+: can be taken as large as we please, it follows that 


| or | 


——— may be made as smallas we please. From the foregoing relation, 
Qk-+1 
| os | 


it follows that however small may be, values of m, and mz; exist 


Qk 
such that | 2 mw, + 2 ms; | = | Q| is numerically arbitrarily small. 
Consequently, there exists a set of values z dense at any regular 
point 2 for which f(z) has the same value f(z). This condition can 
not exist except when f(z) is a constant. 
. a Gos . 
Since the ratio — can be neither real and commensurable nor real 
WL 

and incommensurable it must be complex. 

* See Chrystal, T'ext-Book of Algebra, Vol. II, p. 409, 

{ Ibid., p. 410, 
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Let 2 w, 2 ws be a primitive period pair of the single-valued doubly 
. : . . , A ° W3 
periodic analytic function f(z). Since the ratio — can not be real, 
wy 


the straight line joining the origin with 2 @, makes an angle different 
from zero or 7 with the line joining the origin with 2 3. Conse- 
quently, the set of complex values 


= 2 mw, + 2 m3w3 


is represented by a net of points covering the complex plane. More- 
over, any other primitive period pair of f(z) must lead to the same 
net. If 2 is any point in the region of existence of f(z), then in the 
parallelogram “PY, 

2, 2+ 2 1, Zo + 203, 2% + 201 + 243, 


the given function takes all of its values. This parallelogram is 
called a primitive period-parallelogram. If we put 

201 + 203 = —2 we, 
we have the relation 

20, + 2a + 203 = 0. 
By drawing parallel straight lines through the points of the net 
z + 2 as shown in Fig. 102, we have a set of congruent period- 


Bot 2ujt Jus 


Fie. 102. 


parallelograms covering the entire complex plane. If 2 is a singular 
point, then each point z + © is likewise a singular point. It is 
often convenient to choose 2 so that no singular point of f(z) les 
upon the boundary of the period-parallelograms. This choice is 
always possible if the number of singular points of f(z) in a period- 
parallelogram is finite. For example, if the singular points of f(z) 
are restricted to poles, then there are but a finite number of poles in 
the initial period-parallelogram, and hence by the proper choice of 
2) none of these poles will lie upon the boundary of any period-parallel- 
ogram. 
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We shall now set up the convention that the points on one pair of 
adjacent boundary lines of a primitive period-parallelogram belong 
to the parallelogram and that the points on the other two boundary 
lines do not. For example, in the parallelogram P;, Fig. 102, the 
points on the boundary joining 2, 2 + 2: and 2, 2 + 2s, the 
points 2 + 21, 2 + 2.3 excepted, are considered as belonging to 
the period-parallelogram but the points on the other two boundary 
lines do not. It is sufficient to study the behavior of a doubly peri- 
odic function for values of z in any period-parallelogram, just as in 
the case of simply periodic functions it is sufficient to examine the 
function for values of z in any one of the various period-strips. This 
fact simplifies the discussion of periodic functions. We shall use 
the term pericd-region to mean either a period-strip or a period- 
parallelogram according as the given function is simply or doubly 
periodic. 

We shall have no occasion to discuss in this connection functions 
having more than two independent periods, for it may be shown that 
a single-valued analytic function can at most be doubly periodic.* 

As an illustration of a doubly periodic function, let us consider the 
function g’(z) of Weierstrass, which is defined by the relation (Art. 56) 


2 / 1 
oe a OLN 
Ae PG ay 
it 
= ee, (2-2 oo 
As we have seen, this function is holomorphic in the finite region except 


for the doubly infinite set of Q-points. Replacing z by z+ 2 a, we 
have from (12) 


9 (2) 


i 
” —2 
e' (2 + 2 w) > CRO 


1 
=-2)>, a : 
{2— (QF 2u)}3 


From an examination of Fig. 102, it will be seen that the set of points — 
z— (Q = 2a) is the same as the set of points z — Q, the points 
being taken in another order. The order of the terms in the series 
defining g’(z) is immaterial since the series converges absolutely. 
Consequently, we have 

g' (2+ 20) = o’(2). 


* Forsyth, Theory of Functions, 24 Ed., p. 280. 
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Similarly, it may be shown that 
g’(¢ + 203) = ¢’(2). 
Hence, it follows that g’(z) remains invariant by the translation 
22 = 2z+2 may + 2 mas, 
== 
e'(z + 2) = 9'(2), 


and the given function is therefore doubly periodic. 


that is, 


THeorEeM II. Jf a single-valued periodic analytic function f(z) ts 
holomorphic in any given period-region, vt is a constant. 


As we have seen, a periodic function takes the same value at the 
corresponding points of the various period-regions. If the given 
function is holomorphic in any period-region, then in that region it is 
continuous and bounded. But if it is bounded in any period-region, 
it 1s bounded over the entire complex plane. Hence f(z) has no 
singular point and is therefore a constant by Theorem XII, Art. 51. 

We have also the following theorem. 


THeoreM III. A single-valued periodic analytic function w = f(z) 
which ts not a constant is necessarily a transcendental function of 2. 


By Theorem II each period-region must contain at least one singu- 
lar point. In the case of doubly periodic functions these singular 
points have the point z = ” as a limiting point, and consequently 
that point is an essential singular point. The same result follows in 
the case of simply-periodic functions if singular points appear in 
the finite portion of the various period-strips. However, the point 
at infinity is a point in each period-strip and this point may be the 
only singular point. In this case the point zg = © must also be an 
essential singular point. For, if 2 is any finite point in one of the 
period-strips, the function takes then the same finite value f(z) at 
each of the corresponding points 2 + kw, where w is the primitive 
period of the function and k has the values 1, 2, 3,.... The 
points have the limiting point z = », but the limit of the function 
as k becomes infinite is the finite value f(z). Since we obtain by a 
particular approach to the point z = % a finite limiting value of 
the function, that point can not be a pole. Since it is a singular 
point, it must then be an essential singular point. The given func- 
tion can not be a rational function; for, in that case the point z = 0 
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can not be an essential singular point. Since all single-valued alge- 
braic functions are rational, and hence can have no other singular 
points than poles, the given function must be transcendental. 


Turorem IV. Let f(z) be a single-valued doubly periodic analytic 
function having only a finite number of singular points in each period- 


parallelogram. The integral it f(2) dz taken around the contour of a 
period-parallelogram is zero. 
Denote the contour of a period-parallelogram by C. If 2 is one 


of the corner points of the parallelogram, then the other points may 
be taken as indicated in Fig. 103, 2) being so chosen that no singular 


Fig. 103. 


points lie on the contour of the period-parallelogram. The integral 
taken in a positive direction around the contour is 


f V9 +204 Zo +2 1+2 0; 
fio der i! f(z) de+ Ee f(z) dz 
flog Someta dh 
2) dz dz. 
Zo+2w,+2 ws + Z+2ws Fe) a 


We can combine the first and third integrals in the right-hand mem- 
ber, and likewise the second and fourth, thus obtaining 
+2 


[p@ em [9 -Het Ben iae— [PP Fe 2) Jae, 


2 20 
But as f(z) is doubly periodic having the periods 2 a, 2 3, we have 


S(@ + 2s) = fla), 
S@ + 201) = fe), 
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from which it follows that both of the integrals in the second member 
of the foregoing equation vanish. Hence, we have 


[f@ @=0, 
Cc 
as the theorem requires. 
By aid of this theorem we can now establish the following theorem. 


TurorEM V. The sum of the residues in a period-parallelogram of 
a single-valued doubly periodic analytic function having in any period- 
parallelogram only a finite number of singular points is zero. 


The residue of a function at an isolated singular point was defined 
as the value of the integral 


1 
y3 f fe) de, 


where C is a closed path inclosing no other singular point. It has 
also been shown that this integral taken around the contour of a 
region containing a finite number of singular points is the sum of the 
residues of the function at these points. It follows then from The- 
orem IV that if a function f(z) satisfies the stated conditions, the sum 
of its residues at the singular points in a period-parallelogram must 
be zero. 


TuroreM VI. The number of zero-points in any period-parallel- 
ogram of a single-valued doubly periodic analytic function, which is not 
a constant and has no singular points other than poles, is equal to the 
number of poles in this period-parallelogram, each zero point and each 
pole being taken a number of times equal to its multiplicity. 


Let f(z) be the given function. Since it is analytic, its zero points 
are isolated, and hence in any finite region there can only be a finite 
iG) 
S(2) 


likewise both periodic. Moreover, since f(z) has but a finite number 


number. By hypothesis f(z) is periodic. Hence, f’(z) and 


“set tet : : 1 5 
of zero points in any finite region, ~~ can have but a finite number 


” fl) 
of poles in such a region. Consequently, the quotient re has but 
a finite number of poles in any period-parallelogram. By Theorem 
V we have 
F@) dz = 0, 


Fi 7 J) 


326 SINGLE-VALUED FUNCTIONS [Cuar. VII. 


where y denotes the contour of any period-parallelogram so chosen 
Vl 
that no poles of or of f(z) lie upon y. But by Theorem X, 
Art. 54, it follows that the foregoing integral is equal to the number 
of zero points of f(z) in the period-parallelogram bounded by y, minus 
the number of poles of f(z) in the same parallelogram. Since this 
difference is zero, we have the given theorem. 
The foregoing theorem may be generalized as follows: 


Tueorem VII. In any period-parallelogram of a_ single-valued 
doubly periodic analytic function f(z), which is not a constant and has 
in the finite region no other singular points than poles, takes any arbi- 
trary value C a number of times equal to the number of its poles, each 
pole being taken a number of times equal to its multiplicity. 


To prove this theorem consider the function 


Ee) =7@) — Cc. 

The conditions of Theorem VI are satisfied by F(z), and hence the 
number of its zero points is equal to the number of its poles in any 
period-parallelogram. But the poles of F(z) are at the same time 
poles of f(z). Moreover, at the zero points of F(z), f(z) takes the 
value C. Hence, the given function f(z) takes the arbitrary value 
C in each period-parallelogram a number of times equal to the num- 
ber of its poles in that parallelogram. 

If, as in Theorem VI, our attention is confined to functions having 
no singular points in the finite part of the plane except poles, it 
follows that there must be at least one pole in each period-parallel- 
ogram. If there is but one pole, its residue must be zero; conse- 
quently the order of the pole must be at least two. If only simple 
poles appear, each period-parallelogram must contain two or more 
such poles in order that the residue may be zero. Doubly periodic 
functions having only poles in the finite region form an important 
class of functions called elliptic functions. We shall, however, not 
consider the special properties of such functions in the present 
volume. 

EXERCISES 

1. Show that every rational integral function f(z) is uniquely determined 
for all complex values of z as soon as f(x) is known for all real values of x from zero 
to one. 

2. Given the function 

j=. 


 72@2— >) 
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Represent this function by an infinite series for values of z; (a) within the unit 
circle about the origin; (b) within the annular region between the concentric 
circles about the origin having respectively the radii 1 and 2; (c) exterior to the 
circle of radius 2. 

3. Can sin z ever be greater than one? If so at what points? How do the 
zeros of sin z compare with those of sin x, where x is real? What solutions can 
the equation cos z = 1 have? 

4. Given the infinite ii 


Itete+S+- +24 ..., 


From the form of this series, how do we know that it defines a function f(z) that 

is holomorphic in the entire finite portion of the complex plane? Knowing the 

expansion of e”, how ean it be shown that f(z) = e?? How can this same method 

be used to obtain the expansion of sin z, cos z from the expansion of sin 2, cos x? 
5. Given the function 


POT se a 
Is f(z) an analytic function? What is its region of existence? Find a region S 
in which the function is holomorphic. Locate the singular points and classify 
the singularities of the function at these points. Does the function have any 
zero points? 

6. Indicate the general form which the infinite expansion of an analytic 
function f(z) must have in the neighborhood of 2, if f(z) has (a) a pole of order 
3 at 2, (b) a zero of order 3 at 2, (c) an a singularity at 20. 


What is the nature of the function F(z) = at 2 in each case? 


O) 


é Sante! ; , 
7. Locate the zero points of sin Bi What is the nature of this function at the 


limiting point of these zeros? From this conclusion what can be said of the sin- 
gular points cf esc 2? Why is ese z a transcendental fractional function? 

8. Given 

1 

@—1)@—3) 
If this function is expanded in a Taylor series about z = 2, how large can the circle 
of convergence be? Ixpand the given function in powers of z and determine the 
circle of convergence. 

9. Given the analytic expression 


o(Z) = 


f@) = 


1 


Feat lees 


Show that #(z) is an element of two distinct analytic functions, according as we 


10. Show that a doubly-periodic function f(z) which is an integral transcen- 
dental function is a constant. 

11. Given the function 
as ese Il 
Oe eae =o 


Determine the zero points and poles. Ccmpute the residue at each of the latter, 
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12. The function ; 
F@)) = cs 2)-| sn" 2 
has the constant value 1 along the axis of reals. By what property does it follow 
that it must be equal to one for all finite values of z? What other relations of 
trigonometric functions can be extended in a similar manner from real to com- 
plex values of the variable? 

13. Given the integral f as dz taken along a circle C about the origin as 
center. How large can the radius of C be taken and have the value of the in- 
tegral zero? What would the integral be if the radius of C is taken } unit larger? 

14. Given a function having poles at the points z =a, am, ... , a, and 
an essential singularity at 2 = 0. What kind of a function is it? Write an 
infinite series which will represent such a function. 

15. By use of the theory of residues evaluate the integral 


* dx 
eee ae 


16. Give an illustrative example of a single-valued analytic function hay- 
ing (a) no singular point, (6) no singular point in the finite region and a pole 
at infinity, (c) no singular point other than an essential singular point at infinity, 
(d) a finite number of poles in the finite region and an essential singular point 
at infinity, (e) an infinite number of poles in finite region dense at infinity, (f) an 
isolated essential singular point in the finite region. Classify each function. 

17. Show that the infinite product 


= 1 
TI(1+#) 
k=1 
converges absolutely. 

18. Show without testing the remainder that the expansion of tan z in terms” 
Tv 
2 


2 


of z must converge for all values of z less in absolute value than 
19. If in the deleted neighborhood of z = a, f(z) is holomorphic and not a 


constant, and if f(z) takes the same value 6 at a set of points dense.at zo, then z = 2 
is an essential singular point of f(z). Apply this result to testing the nature of 
tari 
sin — at z = 0. 
2 
: : i 
HINT: Consider the function ———.- 
Cees 
20. Do the poles of the function 
3sing +7 tanz 
fe) = sane 


2 


have a limiting point? What is the nature of f(z) at this point? Show that f(z) 
can be made to approach an arbitrarily chosen number as z approaches this 
point. Without computing the integral 


S,f@ dz, 


where C is the boundary of a region S having z = © as an inner point, show that 
this integral does not vanish. 


- 


CHAPTER VIII 
PROPERTIES ‘OF MULTIPLE-VALUED FUNCTIONS 


59. Fundamental definitions. In the previous chapters we have 
frequently had occasion to consider single-valued functions whose 
inverse functions are multiple-valued, that is, are functions having 
in general two or more values for the same value of the independent 
variable. The functions 


w= Vz, w = log Zz, w = arc sin z 


are illustrations of multiple-valued functions. In the present chap- 
ter we shall consider some of the special properties of such functions. 
In the consideration of multiple-valued functions we must distin- 
guish between multiple-valued analytic functions and those multiple- 
valued expressions that represent two or more single-valued analytic 
functions. Thus 


w= V2 


is not to be regarded as a multiple-valued analytic function, but 
rather as two single-valued functions 


W = 2, w= —2,. 


These two functions are distinct analytic functions rather than ele- 
ments of the same analytic function, for neither can be deduced 
from the other by the process of analytic continuation. 

In the same way the expression 


w= V1 —sinzz 
is not a single multiple-valued analytic function, but represents the 
two single-valued analytic functions 
W = cOos2, w= —COsz. 
The expression 
w = log ée? 

represents an infinite number of distinct, single-valued analytic 
functions, namely 


= 2) 24-2 rip Bo hate 
329 
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These functions, like the foregoing functions, are distinct because 
no one of them can be deduced from another by a process of analytic 
continuation. 

Likewise, the expression w = a?, where a = a + ib, isnot a multiple- 
valued analytic function but represents an infinite number of single- 
valued functions which can not be deduced from each other by the 
process of analytic continuation. For, we have 


w= @ =e foo 


which represents the single-valued analytic functions * 


e log a 


: e2 (log & Beas ez log & +412) . 


In mapping by means of multiple-valued functions, we have 
already seen that the whole of one plane may map upon a portion of 


the other plane. For example, by means of the function w = V2, 
the whole of the Z-plane may be mapped upon that half of the 
W-plane for which the real part of w = u+ Ww is positive. Con- 
versely, by means of the same relation, this half of the W-plane may 
be mapped upon the whole of the Z-plane. Likewise, the half of the 
W-plane for which the real part of w is negative may be mapped 
upon the whole of the Z-plane. If the given function is w = V2, 
the whole of the Z-plane may be mapped upon a sector of the 
W-plane formed by half-rays drawn from the origin and making 


angles ee respectively, with the positive axis of reals. In the 


consideration of multiple-valued functions such as 


w= Vz, w= Vz w = log z, 


9) 


we have thus far restricted the discussion to those values of w which 
correspond to values of z for which we have 


= 


UP SCH 


that is, we have restricted our consideration to a fundamental region 
of the inverse function. With this restriction we have been able 
to consider these functions as though they were single-valued. As 
we shall see, such an arrangement has the disadvantage that the 
mapping from at least one of the two planes upon the other is not 
always continuous. 


* For the case where a = e, we give to log e only the value 1 since e* must ap- 
pear as a special case of e*. So also with other logarithms of real numbers. 
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For example, if we have w = Vz, then by mapping upon the 
W-plane the amplitude of z is divided by three; for, putting 


2 = p(cosé + 7sin8), 


w = p'(cos 6’ + 7 sin &’), 
we have from 
w= Vz, 
pee 1 0 ae 0. 
p’(cos 6’ + 7 sin 6’) = p3 (coss + 7 sin ap 
pee 
33 


All points of the Z-plane, when we consider only the principal ampli- 
tude of those points, map into a region I (Fig. 105), bounded by two 
half-rays from the origin making an angle of 60° and —60°, respec- 
tively, with the positive half of the axis of reals. The result is as 


Ahoy 
LAG “Sl 
te 


Cy 


Fic. 104. HinGalOas 


though the Z-plane were cut along the negative half of the axis of 
reals and the whole plane contracted by moving each bank in its 
own one-half plane through an angle of 120° into the positions of 
0’Q’ and O’P’. The mapping from the Z-plane upon the funda- 
mental region of the W-plane is single-valued but not necessarily 
continuous, as may be seen most clearly by considering a continu- 
ous curve in the Z-plane crossing the negative axis of reals. That 
portion (a) of the curve above the X-axis maps into the curve (a’) to 
the right of O’Q’, while the portion (b) below the X-axis maps into 
(b’) to the right of O’P’. Consequently, what was a continuous 
curve becomes after mapping a discontinuous curve as shown in the 
figure. 
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Wither of the regions II, III might equally well have been selected 
as the particular region upon which the Z-plane is mapped by plac- 
ing the proper restrictions upon the variation of the amplitude of z. 
To any point @ in the Z-plane distinct from the origin there corre- 
spond then three points in the W-plane when no restriction is placed 
on the amplitude of z. We may denote these three values by wi(a), 
wWe(a), Ws(a). 

As z takes all values in the Z-plane, subject to the condition that 

—7 <ampz=rn, 


let w; denote the corresponding functional values represented by 
the points of region I of the W-plane. Likewise, let we, w3 denote 
the totality of values represented respectively by the points of the 
regions II, III. Consequently, wi, we, ws are single-valued func- 
tions of z such that the three taken together give all of the corre- 
sponding values of w and z included in the functional relation w = Vz. 
We call wi, we, ws the three branches of the given function. 

Similarly, we may define a branch of any multiple-valued analytic 
function w = f(z). .An assemblage of pair-values (w, 2) is said to 
define a branch w,; of such a function if it possesses the following 
properties: 

1. The aggregate of all z-points of the region of existence which 
enter into consideration must fill a region S; exactly once. 

2. To each point of S; there corresponds but one value of w. 

3. The aggregate of w-points corresponding to points in S; repre- 
sents a continuous function of 2. 


Thus, for the function w = Vz each of the regions S;, k = 1, 
3, of the Z-plane consists of the whole finite portion of the complex 
plane with the exception of the point z = 0, which is to be thought 
of as a boundary point of S; for reasons that will appear later. Tak- 
ing the negative axis of reals as a portion of the boundary, but 
nevertheless a part of S;, it follows that the regions of the W-plane 
corresponding to the three branches of the function are definitely 
determined; that is they are the regions I, II, III in Fig. 105. 


. . . . ay 
Had the amplitude varied between other limits, say between — 5 


37 : ; 
and ---, the values of w corresponding to values of z in S; would 


have been different, and the branches of the given function would 
have been correspondingly changed. 
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The branches of a multiple-valued analytic function are single- ’ 
valued functions of the independent variable, and the totality of 
the value-pairs (w, 2),‘ representing all of the branches taken to- 
gether, is identical with those of the given function. Whenever the 
inverse function z = ¢(w) is single-valued, then the domain of the 
functional values of the given function w = f(z) breaks up into a 
finite or an infinite number of non-overlapping regions according as 
w = f(z) has a finite or an infinite number of branches. Moreover, 
if in this case the given function has no natural boundary, each of 
these regions of the W-plane may be taken as a fundamental region 
of the inverse function. 

A point is called a branch-point of the given analytic function if 
some of the branches interchange as the independent variable de- 
scribes a closed path about it. The existence of branch-points is a 
characteristic of multiple-valued analytic functions as distinguished 


from multiple-valued expressions, such as V1 — sin? z, representing 
two or more single-valued analytic functions. The point z = 0 is 


a branch-point of the function w = Vz. For, let z describe a closed 
path about the origin, beginning at any point a whose amplitude 
is 6, and let us consider the change that takes place in the value of 
the function w = Vz. The initial value of the function is then 
w:(a) and is represented by a point in the region I, Fig. 105. After 
one revolution of z about the origin, the function does not return to 
its original value, but has changed to a value we(a), represented by 


gh ae : : : : $ 27 
a point in region II, its amplitude having been increased by Ee 


After a second revolution of z about the origin the functional value 


has changed from we(a) to a value w;(a), represented by a point in 
Tv 


the region III, and the amplitude of w has changed to @ + - 


© 


After three revolutions of z about the origin the function again attains 
its initial value w;(q@). 

In the discussion of analytic continuation of single-valued func- 
tions, it was shown that when the continuation is taken along any 
path between two points 2 and 2, of a region S in which the function 
is holomorphic, the same functional value at 2 is obtained irrespec- 
tive of the path chosen, provided that path lies wholly within S. 
For multiple-valued functions a different functional value may be 
obtained at the terminal point 2 if the continuation is taken along 
different paths. This is always the case for some branches of the 
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function if the two paths are so chosen as to inclose a branch-point; 
for, the two paths taken together then form a closed path about 
that point, and from the definition of a branch-point it follows that 
whenever the independent variable z makes but one circuit of this 
path some of the branches of the function are interchanged and the 
initial and final values of the function do not coincide. This prop- 
erty is, by the definition of a branch-point, a characteristic of all 
paths inclosing such points. 

The different branches of a function w= f(z) are connected with 
one another at the w-points corresponding to the branch-points in 
the Z-plane. For example, it will be observed that all three branches 
of the function w = Vz come together at the point w = 0, which 
corresponds to the branch-point zg = 0. As we shall see later, how- 
ever, not all of the branches of an analytic function need be con- 
nected at any particular branch-point. If k + 1 branches coincide 
at a branch-point, that point is then said to be a branch-point of 
orderk. In the illustration discussed, the origin is therefore a branch- 
point of order two. Since the branches of a multiple-valued analytic 
function are single-valued, such a function may be considered as an 
aggregate of single-valued functions, so related that their values be- 
come identical at the branch-points, each being determined from the 
others by the process of analytic continuation. 

The point at infinity may of course be a branch-point. To examine 


: ate OE 1 
its nature we may make use of the usual substitution z = =, and 
z 


examine the nature of the transformed function at the origin. 

In the neighborhood of a branch-point, the mapping by means of 
an analytic function ceases to be conformal; for, from the foregoing 
discussion it follows that angles are not preserved at such a point. 
In the case of w = V z, for example, it was seen that at the branch- 
point z = 0 angles are divided by three in mapping from the Z-plane 
upon the W-plane. Suppose we have given a multiple-valued function 
w = f(z), whose inverse function z = ¢(w) is single-valued. If this 
inverse function fails to map the W-plane in the neighborhood of 
Wo, Where wo = f(%), conformally upon the Z-plane, then it follows 
that the derived function ¢/(w) must either be zero or become in- 
finite for w = wo. This fact enables us to formulate a convenient 
test for finding the branch-points of a function whose inverse func- 
tion is single-valued. Such a criterion is given in the following 
theorem, where wy is a finite point, 
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THEOREM. Given a multiple-valued analytic function w = [(z), whose 
inverse function z = o(w) is single-valued. If the derived function $'(w) 
has a zero point of order k, or a pole of order k + 2, at wo, then f(z) has 
a branch-point of order k at the corresponding point Zo. 


Let us suppose that ¢’(w) has at wo a zero point of order k. We 
may then write 


¢'(w) = (w — W)*F iw), (1) 


where k is a positive integer and /’\(w) is holomorphic in the neigh- 
borhood of wy and different from zero for w = wo. It follows that 
the factor (w — wo) enters into ¢(w) — (wo) to a degree one higher, 
that is to the degree k + 1, thus giving 


Pw) — P(wWo) = (w — wo) Fo(w), (2) 


where F:(w) is also holomorphic in the neighborhood of wo and 
different from zero for w = wo. Let A be the principal (k + 1)* 
root of F2(w) and let x(w) be a function having the point wy as a 
regular point such that y(wo) is equal to A. The function x(w) can 
be so determined that for values of w in the neighborhood of wo we 
have 
0) a= HE) 
T'rom (2) we now have 


p(w) — o(wo) = f(w — wo) x(w) ft. 
As a matter of convenience, we introduce the auxiliary function 
T = (w — w) x(w). (3) 


Let us now suppose the 7-plane to be mapped upon the W-plane by 
means of this relation. The point + = 0 corresponds to the point 
w = Wo, and the mapping is conformal in the neighborhood of 7 = 0; 
because we have 


Cw etl 4 i! Sra | 
ae i ms ~ x(w) + (w — wo) = | wy X(Wo)’ 
1 
x(Wo 

cipal (k + 1)* root of F/2(wo), which is different from zero. 
If we now map the finite portion of the Z-plane upon the 7-plane 
by means of the relation 


T= *V o(w) — ¢(wo) = = 20, (4) 


where j is finite and different from zero, since x(wo) is the prin- 
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the neighborhood of g maps into the neighborhood of the origin in 
the r-plane. The two substitutions (3) and (4) are together equiva- 
lent to mapping at once from the Z-plane to the W-plane by means 
of the relation 

io p(w), 
or w =7@). 
Irom what has been said about mapping by means of the relation 
w= V2, it follows at once from (4) that z = 2 is a branch-point 
of the order k, which shows that the condition stated in the theorem 
is valid if wo is a zero point of order k of ¢’(w). 

Let us now consider the case where wo is a pole of order k + 2 of 
¢'(w). The corresponding z-point is the point at infinity. For this 
case equation (1) takes the form 

/ = F\(w) 
#0) = em uy 
Applying the same method as employed in the foregoing discussion, 
it follows at once that f(z) has a branch-point of order k at z = 0. 
The details of the proof are left as an exercise for the student. 

The difficulties in representing multiple-valued functions in the 
foregoing manner arise for the most part from the fact that a con- 
tinuous curve in the one plane does not always correspond to a con- 
tinuous curve in the other. Such difficulties can be easily avoided 
by means of a simple device known as a Riemann surface, consisting 
of n sheets connected with one another in a definite manner depend- 
ing upon the character of the function. The nature of such a surface 
can perhaps be most readily made clear by means of an illustrative 
example. 

Let us consider the Riemann surface for the function 


Se 
w= Ve. 


It has already been pointed out (Fig. 105) that the whole of the 
Z-plane maps by means of this function into any one of the three 
regions I, II, II of the W-plane. To each z-point correspond in 
general three w-points, one in each of the regions I, II, III. Sup- 
pose we think of the Z-plane as consisting of three sheets (Fig. 106) 
connected with one another at z = 0 and along the negative axis of 
reals. As z describes a circuit about the branch-point z = 0, sup- 
pose it passes from one sheet to another upon crossing the negative 
axis of reals and that the variable point enters the various sheets 
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in the same order as the branches of the function were permuted in 
the previous discussion when z described a closed path about the 
same point. Let the points of the region I be placed into corre- 
spondence with those of the first sheet of the Z-surface, the points 
of region II with those of the second sheet, and the points of region 
III with those of the third 
sheet. Corresponding to the 
three points wi(a), We(@), w3(@) 
of the W-plane we have then 
a point @ in each of the three 
sheets of the Z-plane, denoted 
by a, a®, a®, respectively. 
The branch-point z = 0 is not 
to be regarded as a point of 
the region of existence of the 
given function, but is to be 
considered as belonging to its 
boundary. The same is to be 
said of any branch-point so far 
as the sheets of the surface af- 
fected are concerned. Each sheet of the Riemann surface, like the 
ordinary complex plane is to be regarded as closed at infinity. By aid 
of the Riemann surface there is thus established a one-to-one corre- 
spondence between the points of the W-plane and the three-sheeted 
Z-plane. Let z start from a point a in the first sheet and describe 
a continuous path about the branch-poimt z= 0. By going once 
around the origin, z does not return to a but changes to the point 
a®) in the second sheet. As z crosses the negative axis of reals in 
passing from a to a®, the corresponding w-point crosses the line 
O’Q’ and passes from the point w,(a) in the region I to the point 
we(a) in the region II. By a second revolution about z = 0, z again 
crosses the negative axis of reals and passes into the third sheet 
reaching the point a®. At the same time the corresponding w-point 
passes from the region II to the region HI reaching the position 
w3(a). After the third revolution about the branch-point z = 0, 
z returns to the first sheet upon crossing the negative axis of reals 
and again takes the value a. At the same time w passes across 
the line O’P’ and is again in region I, finally assuming its initial 
value w:(a) as z coincides with a. Had the revolution taken 
place in the opposite direction about the branch-point, the order in 
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which z would have changed sheets would have been from the first 
to the third, from the third to the second, and finally from the second 
to the first. The negative axis of reals is called a branch-cut, for 
as 2 passes over it in either direction the functional values change 
from one branch to another. A 
Ir cross-section of the Z-plane shows 
HI the connection of the three sheets. 

If taken perpendicular to the 
negative axis of reals, the cross-section showing the intersection of 
sheets along that portion of the axis of reals, as viewed from the 
origin, appears as shown in Fig. 107. 

As will be seen, the advantage of introducing a Riemann surface 
in place of the single-sheeted complex plane is that every contin- 
uous curve on the Z-plane maps by a multiple-valued analytic 
function into a continuous curve on the W-plane, and conversely. 
This relation between the two planes enables us to bring to the 
consideration of multiple-valued analytic functions all such processes 
as integration, analytic continuation, ete., depending on a continuous 
path being drawn from one point to another. In case w and z are 
each a multiple-valued function of the other, then both planes are 
replaced Ly a Riemann surface whose character is determined by 
the nature cf the function under consideration. It is often con- 
venient in such cases to introduce an auxiliary plane, whereby the 
one Riemann surface may be mapped upon this single-sheeted com- 
plex plane and this plane in turn mapped upon the second Riemann 
surface. In the following articles we shall consider more in detail 
the various properties of Riemann surfaces. 

60. Riemann surface for w? —3w —2z2=0. For any value of 
z there are in general three values of w; evidently, therefore, there 
are three branches of the given function, which we shall denote by 
W1, We, wW3. The branch-points can be at once determined by aid 
of the theorem of Art. 59. For z is a single-valued function of w, 
and moreover we have 


lane, WOR. 


Z é 
which has a zero point of order one at w = +1, —1, and a pole of 
order two at w = «©. Consequently, the given function must have 
simple branch-points at 2 = —1, +1, and a branch-point of order 
two at z= #, these three values corresponding, respectively, to 
w= -+1,—-1, ©. That there can be no other branch-points than 
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these follows from the fact that there are no other values of z for 
which two or more of the branches become equal. The Z-plane then 
must consist of a three-sheeted Riemann surface, the three sheets all 
being connected at z = «, and two of them at 2 = 1, and likewise 
two at 2 = —l. 

The manner in which the sheets of the Riemann surface are con- 
nected at the three branch-points and a convenient way for drawing 
the necessary branch-cuts can be determined by examining the man- 
ner in which the Z-plane may be mapped upon the regions of the 
W-plane corresponding to the three branches of the function. The 
branches w;, Ww, wz can be expressed in terms of z by solving the 
given equation 

w —3w—22=0 (a) 
for w by means of Cardan’s solution of the cubic. 

The general equation of the third degree can be reduced to the 
form 

w+3Hw+G=0, 
and Cardan’s solution applies equally well whether H, G, are real 
or complex.* The three roots of this equation are then 


W=pt+y W. = wp + wg, W3 = wp + a9, (2) 


where w is one of the imaginary cube roots of unity and 


G (ose) e : (pie aee 
ee eee ee 


subject, however, to the condition 


Dd eee 
For the case under consideration, we have H = —1, G = —2z, 
and hence — * 
i ES Ne (3) 


subject to the condition that pq = 1. 
We shall now introduce the auxiliary relation 


2 = cos 37, (4) 


by means of which we obtain from (3) 


3 ra a 8 — 
p= / 008 31 + Vcos37—-—1= A/eoe8 ¢ + 74 V sin? 37, 


3 a — SSS SS 8 aS Ss 
f= A) cose — Vcos?37—1= \ogae — 4 Vin? 37. 


* See Serret, Cours d’algebre supérieure, 3rd Ed., Vol. I, p. 427. 
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The radical Vsin?37 must be taken with the same sign, say the plus 
sign, in both p and g. Both p and qg have three values, since each is 
the cube root of a given number. Any of these values may be chosen 
which satisfy the added condition pg = 1. We may, therefore, put 


3 a RIOT a . . 
p = Vcos37 + isin3r = cost + ising = e*, 


3 7 tesOL Se afte woh 
g = Vcos37 — isin37 = cost — isint = e7”. 


Remembering that w is an imaginary cube root of unity, we may 
write 


Qt ag 


The three branches w;, we, w3 of the given function may now be 
expressed in terms of 7 as follows: 


Wy = er 1 e-* == 2 cos 7, (5) 
ps Qa . Qa 

ee er nee = 2c0s(r +2), (6) 
7, on : Qa 

w= 3) 4 EMT) o 2 008 (r — 22). (7) 


The mapping from the Z-plane upon the W-plane by means of 
the given relation now reduces to mapping the Z-plane upon the 
r-plane by means of the inverse of the function given in (4) and then 
mapping the 7-plane upon the W-plane by means of the three rela- 
tions (5), (6), (7). As we shall see, the three branches map into dis- 
tinct portions of the W-plane, which come together, however, at the 
points corresponding to the branch-points z= —1, +1, «©. We 
have a choice of the fundamental region in the 7-plane, and it serves 
our purpose to take that region bounded by the axis of imaginaries 
and the line parallel to it and cutting the axis of reals at the peint 
(50 } The whole Z-plane may be mapped exactly onee upon this 
fundamental region of the 7-plane. This fundamental region for 7 in 
turn may be mapped by means of the relations (5), (6), (7) into-each 
of three definite regions I, II, III of the W-plane. 

The results of the mapping from the Z-plane upon the W-plane 
are exhibited in Figs. 108 and 109. The details are left as an exer- 
cise for the student. By our choice of the fundamental region in 
the 7-plane, the Z-plane is mapped by means of the branch w, into 
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the region I, the upper half of the Z-plane mapping into the portion 
of this region above the axis of reals, and the lower half into the 
portion below that axis. Jn a similar manner, the whole of the 


Z-plane 


Fig. 108. 


Z-plane maps into the region II by means of uw, and into III by 
means of w3 as indicated. Corresponding to the branch-point z = 1, 
we have w = —1 and at this point the branches we, ws, become 


W-plane 


y SS : SSS S. 


SSS SSS 


SSS 


Fie. 109. 


identical. For 2 = —1, we have w = 1, and at this point, as may 
be seen from Fig. 109, the branches w1, w3, become identical. 

Let us now think of the Z-plane as consisting of three sheets. To 
the first sheet we associate the values of w in J, and to the second 
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and third sheets we then associate the values of w in II and II, 
respectively. As z traverses a small closed circuit about z= —1 
in the positive direction starting from a point in the first sheet, 
w will pass from I to III and consequently z passes from the first 
sheet to the third sheet of the three-sheeted Riemann surface con- 
stituting the Z-plane. By going about z= —1, w never passes 
into II, since only III and I come together at the corresponding point 
w= 1. Inasimilar manner, it will be seen that as 2 traverses once 
a small closed circuit about z = 1, beginning at a point in the second 
sheet, w passes from II into III and upon continuing a second time 
about this branch-point w returns to its original position in II. In 
the neighborhood of this branch-point it is impossible for z to pass 
from the second or third sheet into the first sheet, since the region 
Tis not associated with II, III at the corresponding point w = —1. 
From Fig. 109, it is apparent that all three branches wy, we, ws, be- 
come identical at the branch-point zg = «. The same result can be 


: : : 1 ee 
obtained analytically by putting z= a and examining the trans- 


formed function for 2’ = 0. The point z = o is therefore to be 
considered as belonging to the boundary of the region of existence 
‘on the Riemann surface and not as an inner point of that region. 

It is now convenient to take as the branch-cuts that portion of the 
axis of reals, Fig. 108, extended from z = 1 indefinitely toward the 


right and from zg = —1 indefinitely toward the left. The first of 
these segments maps into the boundary curve C; and the second 
into C, passing through w = —1, w = 1, respectively, Fig. 109. 
Along the axis of reals between zg = —1 and z = 1, there is then no 
I oa I 

ae II II 
ee a eee LT 

Fia. 110. Fig. 111. 


connection between the various sheets of the Z-plane, as will be seen 
Ly observing the connection between the branches of the function 
along that portion of the U-axis into which this portion of the X-axis 
maps. To the right of the pomt z= 1, the various sheets of the 
Riemann surface are connected as shown in Fig. 110. 

To the left of the point 2 = —1, the sheets are connected as shown 
in bie, LL 

The discussion of the Riemann surface which replaces the Z-plane 
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for the given function is now complete. Any continuous curve upon 
this surface maps into a continuous curve upon the W-plane. For 
example, the closed curves upon the Riemann surface, of which the 
ellipses Xi, 2, A3 about the points z = 1, —1 as foci are the traces, 
map into ellipses in the W-plane. If the variable z describes the 
ellipse \y, commencing with a point zo“ in the first sheet, then w 
describes a corresponding path beginning at wo lying nJ~. As 2 
crosses the positive Y-axis the point continues in the first sheet and 
w passes into J+. Upon crossing the negative X-axis, the point z 
passes from the first sheet into the third shect and w passes from I+ 
into 1J7-. When z has completed one revolution, it is still in the 
third sheet and we denote its position by 2°). By a second revolu- 
tion of z about Ai, z passes from the third sheet to the second upon 
passing across the positive X-axis and remains in the second sheet as 
it crosses the negative X-axis ending with the value 4°. By a third 
revolution about \,; the point passes from the second sheet to the third 
sheet upon crossing the positive X-axis and again from the third to 
the first sheet upon passing the negative X-axis, ending with the 


original position 2. 
a's 


pe 3 
61. Riemann surface for w= Vz —2o0+ \V- —. When ration- 
2, 


alized, the given function is seen to be an algebraic function of the 
sixth degree in w. For each value of z there are then in general six 
distinct values of w, which we shall denote by wi, we, ws, Wa, Ws, We. 
When the branch-cuts have been drawn upon the Riemann surface, 
the aggregate of w-values given by wy, We, Ws, W4, Ws, We In terms of z 
become definite and are respectively the six branches of the function. 
Considered as functions of z, we may, therefore, refer to them as the 
branches of the given functions. First of all we shall attempt to dis- 
cover the branch-points. These points are to be found among those 
values of z, finite or infinite, for which two or more of the values of w 
become identical. Not all such points need be branch-points, but 
no other points can be. We shall accordingly examine the points 
z= 0, 2, %, ©. We can not make use of the theorem of Art. 59, 
since z is not a single-valued function of w. We can, however, de- 
termine which of these points are branch-points by allowing z to 
describe an arbitrarily small circuit about each and observing whether 
the function returns to its initial value. 
For convenience we put 


V2—% = 71, V2 = 1, V2 — 2 = Ts. 
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The six values of w may be written in the form 


T2 T2 
Oi — rt is Ui ti =e 
ig T3 
Bie, T2 
UW. =m +w-; Ws = —n+w-, (1) 
T3 T3 
T2 T2 
Ws =m + w'—, We = —t11 +a’, 
73 T3 


where w is an imaginary cube root of unity. Let z describe a circuit 
about z = 0, taken sufficiently small to exclude both z and 2. Since 


z = 7, it follows that by one revolution of the circuit by z, 72 rotates 


4 ae : ae 
through an angle of a which is equivalent to multiplying tz by #. 


Hence, since 7; and 73 return to their original values after each revo- 
lution, w; is changed into ws, ws into We, W2 Into Ww), Ws Into We, We into 
Ws, Ws into ws. By asecond revolution of the circuit a similar change 
takes place, and upon a completion of the third revolution, the orig- 
inal values are restored. The results may be exhibited as follows: 


Before z changes, we have Wi, We, W3} Wa, Ws, We} 
after one revolution, we have W3, Wi, W2} We, W4, Ws} 
after two revolutions, we have We, Ws, Wi} Ws, We, Wa; 
after three revolutions, we have W1, We, W3; Wa, Ws, We. 


The point z = 0 is therefore a branch-point. It will be seen that 
the six branches form two sets, wi, We, Ws and ws, Ws, We, each of which 
is cyclically permuted by successive revolutions of z about z = 0. 
By successive revolutions about this point, the branches constituting 
the first set do not pass into those of the second. 

In a similar manner we can test the point zg = 2. By each revolu- 
tion of z about this point 71, 72 remain unchanged, while 73 is multiplied 


by w. Remembering that the factor 7; appears in the denominator 
1 0 il il 

and that — = w, — = », — = 1, we have, as the result of the succes- 
Ww w” (eo) 

sive revolutions about 2, the same cyclical interchange of the various 

values of w as about the origin. Consequently, the point z = % is 

likewise a branch-point. 

As z describes an arbitrarily small circuit about 2, the values of 
72, T3 remain unchanged but 7, changes sign by each revolution. 
The results are as follows: 

Before z changes, we have W1, We, W3, W4, Ws, We} 

after one revolution, we have W4, Ws, We, W1, We, W3} 

after two revolutions, we have W1, W2, W3, W4, Ws, We. 
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Consequently, w = 2 is also a branch-point. All of the branches 
are affected, but they form three sets, each set including two branches, 


namely: 
w, and wa, UW, and ws, ws; and we. 


3 : 1 
To examine the point z = %, we put z= a and have 


#2 


Putting 
i Views = ee 


we have for the six values of w’ 


Via ust I Pins, ead M 1 
ype he | Asda pieces he | Neda 
My 1 M Il 
dapat U = —_— — 
UW. = WV — w Tee Ws 6 w FEN 
M il M 1 
if — ee 2 U = re 
W3 »» = oly W6 aR Ww yaw. 


As 2’ describes an arbitrarily small circuit about the origin, 4, A3 
are not changed, d, changes sign and dq is multiplied by the factor w, 
where w, as before, is an imaginary cube root of unity. The results 
of successive revolutions about this circuit are shown in the following 
table 


Before 2’ changes, we have Wy’, We’, ws’, wa’, Ws’, We ; 
after one revolution, We’, Wa’, Ws’, Ws’, Wy’, We’; 
after two revolutions, We’, Ws’, Wy’, Ws’, We’, wa’; 
after three revolutions, wa’, Ws’, We, Wr’, We’, Ws’; 
after four revolutions, Ws’, Wy’, We’, We’, Wa’, We’; 
after five revolutions, Ws’, We, Wa’, We’, Ws’, wi’; 
after six revolutions, Wy’, We’, Ws’, Wa’, Ws’, We’. 


It follows that z’ = 0 and therefore z = «© is a branch-point where 
all of the sheets of the Riemann surface are associated with one 
another. 

The Riemann surface constituting the Z-plane has then the branch- 
points z = 0, 2, a, ©. No two of the finite branch-points can be 
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connected with a branch-cut. At first thought, it may seem possible 

to connect the two finite branch-points 2 = Oandz = 2 witha branch- 

f cut since the same sheets are con- 

ee | : oe = hected in the same way at these 

ia “two points. This, however, is not 

possible; for, by successive revolu- 

tions about each of these points the sheets would be connected along 
such a branch-cut as shown in Fig. 112. 

Then, by crossing the branch-cut, to the right of ¢=0 in the 
direction of arrow (a) we would pass, for example, from the first 
sheet to the second sheet, while in passing across the branch-cut 
to the left of zg = 2 in the same direction we would pass from the first 
sheet to the third sheet. Such connection of the sheets along a 
branch-cut is impossible since the connection must be between the 
same sheets along its entire length. It is at once apparent that in 
order to connect any two finite branch-points with a branch-cut, 
the cyclical interchange of branches must involve the same sheets but 
in reverse order. We can, however, always draw branch-cuts from 
any branch-point to the point z = «; that is, the branch-cuts may 
be taken as lines extending out indefinitely from the branch-points. 
Drawing these lines in any convenient manner, the six branches of 
the given function are fully determined by the six definite aggregates 
of value-pairs (w, z), such that to the values of z associated with each 
sheet of the Riemann surface, there is a definite branch of the func- 
tion. In this case, however, there are no corresponding fundamental 
regions in the W-plane, since the inverse function is not single-valued. 
The general discussion of the Riemann surface required for the Z- 
plane is now complete. 

62. Riemann surface for w = log z. The logarithm is a func- 
tion having an infinite number of branches. As we have seen the 
logarithm of z may be written in the form 


w = logz = log p + 70, (1) 
where 
2 = p(cosé+ isin 8). 


By means of the relation (1) the whole of the Z-plane maps into any 
one of the strips 
Qk—l)r<v=Q@k+)a 


of the W-plane parallel to the axis of reals. Conversely, any one of 
this infinite number of strips maps into the whole of the Z-plane. 
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We may now replace the Z-plane by a Riemann surface having an 
infinite number of sheets. The point z = 0 is a branch-point of the 
surface; for, as we see from (1), every revolution of z in a positive 
direction about a circle having the origin as a center leaves p un- 
changed but increases 6 by 27, thus changing the value of w. This 
change continues indefinitely by successive revolutions. We may 
take the negative half of the axis of 
reals as the branch-cut, so that every 
time the variable point crosses this 
part of the axis it passes from one 
sheet to the next succeeding or next --------------- ee 
preceding sheet, according as @ is 
increasing or decreasing. A cross- 
section of the surface perpendicular to the negative half of the axis 
of reals, as seen from the origin, is then of the form shown in Fig. 
113. In the same way the point z = © may be shown to be also a 
branch-point of infinitely high order. 

The inverse function of w = logz is, as we know, z = e”. The 
trigonometric functions were defined in terms of the exponential 
function, so that the general character of the Riemann surfaces con- 
nected with the inverse trigonometric functions may be easily de- 
duced by aid of the logarithmic function.* In the discussions to 
follow we shall have occasion to consider for the most part only 
Riemann surfaces having a finite number of sheets. 

63. Branch-points, branch-cuts. Having discussed some typi- 
cal illustrations of Riemann surfaces, we shall now consider some of 
the more important properties of branch-points and branch-cuts and 
their relation to the Riemann surfaces needed in the representation 
of multiple-valued functions. 

The branch-points of a function are always to be found among 
those points corresponding to the values of the independent variable 
for which two or more of the values of the function become equal. 
This common value of the various branches of the function may be 
finite or infinite. As we have seen, not all of the various sheets of a 
Riemann surface need be connected at any particular point; for, 
they may be associated in distinct sets at a branch-point as was the 
case in the points z = 4, 2 = 0, 2 = z for the function discussed in 
Art. 61. It is essential, however, that all of the sheets be so con- 


iin, ale}, 


* Cf. Fouét, Legons élémentaires sur la théorie des fonctions analytiques, 24 
Ed., Tome II, p. 128 et seq. 
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nected at the various branch-points that the entire surface forms a 
connected whole and it is possible to proceed along a continuous path 
from any point to any other point upon the surface. As already 
pointed out, the branch-points themselves, while points of the Rie- 
mann surface, are not to be regarded as points of the region of exist- 
ence of the given function, but as boundary points of that region. 
The region of existence is then, as with single-valued analytic func- 
tions, to be considered an open region, which in the case of multiple- 
valued functions, however, extends to the several sheets composing 
the Riemann surface. It is convenient to speak of the branch-points 
as points of the function in the sense that their character aids in 
describing the character of the function. 

Whenever the inverse function is single-valued, we have in the 
theorem of Art. 59 a convenient test for locating the branch-points 
and determining their order. This test is not, however, valid when 
we have as in Art. 61 a function whose inverse is multiple-valued. 
In that case it is necessary to test each point where some of the 
values of the function become identical by permitting the indepen- 
dent variable to traverse an arbitrarily small closed circuit about the 
point and observe whether the corresponding values of the function 
return to the initial value. 

In the illustrative examples discussed, it was observed that the 
branches of a function associated with each other at a branch-point 
were cyclically interchanged by successive revolutions about the 
point. Asa matter of fact, it is always true that all of the branches 
affected at a branch-point can be so arranged that by successive 
circuits of the independent variable about the point these branches 
are cyclically interchanged. The cycle may include all or only a 
portion of the branches affected. In the latter case there may .be 
two or more sets each of which undergoes a cyclical interchange as 
the independent variable traverses a circuit about the branch-point 
a suitable number of times. To show that the branches of the func- 
tion are interchanged as stated, suppose we let the branches affected 
be wi, We, ws, .... Then as z describes a small circuit about the 
branch-point, w; must change into some other branch, say w. By 
a second revolution about the point, w, can not remain unchanged; 
for, in that case, tracing the circuit in a reverse order would not 
restore the initial value w,, as it should do. It is possible that this 
second revolution changes the branch w, back into w:, in which case 
W1, W. constitute a complete cycle. If this is not the case then we 
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must change into some one of the remaining branches, say w;. As 
before, when z describes the circuit about the branch-point a third 
time w3; can not remain unchanged and can either change back into 
w, or into some one of the remaining branches, say ws. In the first 
ease, the three branches w;, w2, ws constitute by themselves a set 
which cyclically interchange. In the other case, wy changes in a 
similar way into w;, say, by another revolution about the branch- 
point. This method of interchange may involve all of the branches 
in one set, or in several such sets. There may be other sheets that 
are not affected at this particular branch-point, the connection with 
one or more of the remaining sheets being made at another branch- 
point. 

_ The same sheets may be affected at two branch-points. If the 
order of the cyclic permutation of the sheets in the one case is the 
reverse of what it is in the other, then it is always possible to connect 
the two points with a branch-cut; for, by crossing this cut at any 
point, the variable passes from one sheet into another particular 
sheet of the cycle. Instead of connecting the branch-points with 
each other it is always possible to connect the various branch-points 
with the point at infinity with branch-cuts. Thus far in the dis- 
cussion the various branch-cuts have been taken as straight lines. 
This restriction is unnecessary, however, as the choice of a particular 
curve for the branch-cut is a purely arbitrary convention. <A 
branch-cut is, however, always to be taken so that it has no double- 
points, that is, the cut must not intersect itself. While the partic- 
ular aggregate of value-pairs (w, z) constituting the various branches 
are changed by varying the branch-cut, the connection of the 
branches with each other at the branch-points remains unchanged. 
The following illustration will make this statement clear. 


Ex. 1. Discuss the branch-cuts of the Riemann surface required for the func- 


; /i—@2 
tion w =) —* 


itz 
The Z-plane is a double-sheeted Riemann surface and the points z = 7 and 
z = —7 are simple branch-points. The corresponding functional values are re- 


spectively w = 0 and w=. The result of mapping the Z-plane upon the 
W-plane is exhibited in Figs. 114, 115. Any curve in the Z-plane joining the 
points 7 and —i may be taken as a branch-cut and will map into a curve in the 
W-plane joining the points w = 0 and w= %. For example, if we select that 
portion of the axis of imaginaries Joining the two branch-points, then the cor- 
responding curve in the W-plane is the positive half of the axis of reals. To 
every point in the Z-plane, however, correspond two points in the W-plane and 
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this same portion of the axis of imaginaries also maps into the negative half of 
the axis of reals in the W-plane. Consequently, in this case the two branches 
Wi, W, of the function corresponding to the values of z in the first and second 
sheets of the Z-plane are represented by points in the upper and the lower half 
of the W-plane respectively. If we take any circle through i and —7 and select 
that portion (2) lying to the right of the line x = 0 as the branch-cut, then 


Fig. 114. 


the corresponding curve in the W-plane is a half-ray (2’) proceeding from the 
origin. The same curve (2) also maps into the half-ray making an angle of 180° 
with (2’). The two half-rays taken together divide the W-plane into two 
regions and the points in these two regions represent the values of w corre- 
sponding to the two branches of the given function. If instead of a cirele through 
7 and —i any ordinary curve had been taken as a branch-cut, it would map 
into a curve joining the points w = 0 and w = © and again into a congruent 
curve, which may be obtained by rotating the first curve through an angle of 
180°. These two curves taken together constitute a continuous curve dividing 
the W-plane into two regions whose points give the values of the two branches 
Wi, W, of the function corresponding to the two sheets of the Riemann surface 
constituting the Z-plane. Again we may select as the branch-cuts of the Rie- 
mann surface any curves joining the two branch-points 7 and —7 with the point 
z = , for example those portions of the axis of imaginaries exterior to the circle 
of unit radius about the origin. This selection likewise leads to a division of the 
W-plane into two regions and corresponding branches of the function. 


From this discussion, it will be seen that the branch-cuts can be 
selected in a variety of ways and may or may not be straight lines. 
By the selection of the branch-cuts particular values of the function 
constituting the various branches are determined. The number and 
the association of such branches are determined by the character of 
the function itself. While the selection of the branch-cut is arbi- 
trary, there is often an advantage in selecting it in a particular manner. 


For example, in the discussion of the Riemann surface for w = V2, 
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we chose the negative half of the axis of reals as the branch-cut in 
order that one branch of the function should correspond to the prin- 
cipal value of the amplitude of z. Again in the logarithmic function 
the negative half axis was chosen for the same reason. In discussing 
the inverse of a periodic function, it is likewise an advantage to select 
the branch-cuts so that the previously determined fundamental 
regions shall correspond to single sheets of the Riemann surface 
rather than conversely. 

The following theorems concerning branch-points and branch-cuts 
give additional information that will be useful in the discussion of 
special Riemann surfaces. 


THEOREM I. A free end of a branch-cut is a branch-point. 


Let a be a free end of a branch-cut C. Suppose that as 2 crosses 
this branch-cut it passes from the k,‘" sheet into the k2'*. Then as 2 
makes a complete circuit about a starting from an initial position 
zo") in the k,'” sheet it does not return at the end of the first revolution 
to that initial position, but it ends in a point zo) in the ko‘ sheet. 
Hence, from the definition of a branch-point, @ is such a point. 


Zt? 
Fie. 116. 


It is to be noted that in case a branch-cut ends in a point on the 
boundary of the region of existence it is not necessarily a branch- 
point. 


TueoreM II. If but one branch-cut passes through a branch-point, 
the connection of the sheets on the two sides of the branch-point is not 
the same. 


Let a be a branch-point through which but one branch-cut passes. 
The connection between the sheets can not be the same on the one 
side of a as on the other; for, in that case as the variable z describes 
a circuit about a it returns after each revolution to its initial posi- 
tion. For suppose the k,'" and hk," sheets are connected along the 
given branch-cut C, as indicated in Fig. 117, If z has the initial 
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‘value 2) and describes a circuit about a, say in the positive direc- 
tion, then as z crosses C at a it passes from the k;' sheet to the kq!". 
Upon crossing the branch-cut again at b, z passes from the k'" sheet 
back to the k,"* sheet returning to its initial value 2. 


TuroreM III. Jf two branch-cuts, having different sequences of 
interchange of sheets associated with them, meet in a point, that point is 
either a branch-point or is an extremity of at least one other branch-cut. 


Let a be the common point of the two branch-cuts, J, /7, Fig. 118. 
Along the branch-cut J, let the k,'" sheet be associated with the k,'* 
and along JJ, since the sequence of inter- 
change of sheets can not be the same, 
suppose the k'* to be connected with a 
third sheet ks". If the variable starts 
from an initial point zo“ in the k,‘" sheet, 
then by passing around a@ in a positive 
direction it passes into the k,'" sheet, 
upon crossing Z. Upon crossing JI it 
passes from the k.’" sheet to the k;'" sheet and, if it crosses no fur- 
ther branch-cut, then instead of returning to the initial position 2) 
at the close of the first circuit it ends in a point 29) in the k3'* sheet 
and a is a branch-point. Hence either @ is a branch-point or there 
must be at least one more branch-cut like J7Z ending in a by which 
the ks'* sheet is connected with the k,'" sheet. 


Fig. 118. 


TurorEM IV. Jf a change of sequence in the branches of a function 
occurs at any point of a branch-cut, then that point is a branch-point or 
it lies also on some other branch-cut. 


Since by hypothesis a change of sequence occurs at some point, 
say a, then as z describes a circuit about a it does not return to the 
sheet from which it started but passes into another sheet of the sur- 
face. Hence, the point a must either be a branch-point or another 
branch-cut must terminate at a. 


THEeorEM V. A branch-cut passing through but one branch-point 
can not be a closed curve. 


If a branch-cut having but one branch-point is a closed curve, then 
by encircling that point along an arbitrarily small circuit, the variable 
returns to the same sheet; for, the connection between the sheets must 
be the same on both sides of the branch-point, since the portions of 
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the cut on the two sides of the point belong to the same branch-cut. 
It is, however, impossible for the variable to encircle a branch-point 
and not change sheets. Hence under the conditions set forth in the 
theorem, the branch-cut can not be a closed curve. 

In general we have considered only paths which encircle a single 
branch-point. In Art. 60 we considered certain paths encircling 
two branch-points. We shall now consider the general effect of a 
path encircling two or more branch-points. We have the following 
theorem. 


THrorEeM VI. The effect of describing a closed circuit about several 
branch-points is the same as though the variable point had described a 
closed path about each of the branch-points in succession.* 


We shall prove the theorem for the case of a circuit about three 
branch-points. The same argument holds for any finite number of 
such points. It is at once evident that a path can be deformed in 
any manner without affecting the result, provided in such a defor- 
mation a branch-point is not encountered. For by such a deforma- 
tion no additional branch-cuts need be crossed an odd number of 
times. If crossed an even 
number of times, the final 


position of the variable & 


point is in the same sheet a 
as the initial point. 


Consequently the closed ee 
path C about the three 
points 2, 21, 2 can be de- 
formed without affecting “A 
the final result into the Fic. 119. 
succession of paths Ao, 41, 
hz about the three points 2%, 2, %, respectively. Each of these 
paths begins and ends at 2, as shown in Fig. 119, and consists of 
a small circle about the branch-point and a path connecting that 
circle with z. This connecting path, however, is traversed twice, 
once in each direction, so that any branch-cut crossed in going in 
one direction will be crossed again in an opposite direction when the 
path is traversed in the opposite direction. The effect of this por- 
* The group of permutations which the function values undergo as the inde- 


pendent variable describes a closed path is often called a monodromic group. Cf. 
Encyklopddie der Math. Wiss., Bd. Ik, p. 121. 


354 MULTIPLE-VALUED FUNCTIONS [Cuap. VIII. 


tion of the path crossing a branch-cut can therefore be neglected. 
The total effect of traversing the closed path C is then the same as 
traversing in succession the closed circuits about the separate branch- 
points, as stated in the theorem. 

The foregoing theorem also gives us a convenient way for testing 
the point z = for a branch-point. Consider a closed path inclos- 
ing all of the finite branch-points. If this path be traversed in a 
counter-clockwise direction the result is easily obtained by the 
theorem. However, since no finite branch-point lies exterior to this 
path, it follows that traversing the path in a clockwise direction is 
equivalent to encircling the point at infinity. Traversing the path 
in a clockwise direction gives the same interchange of sheets but in 
opposite order as traversing it in the opposite direction. Therefore, 
if the sheets are interchanged by traversing such a path in either 
direction the point z = © is a branch-point. 


Ex. 2. Given the function w = V(z¢—%)(¢—4)- Determine whether the 
point z = % is a branch-point. 

The given function has a branch-point of the second order at z = Z and at 
z2=2. At 2 and z the branches interchange by successive clockwise revolutions 
about the point as follows: 


Before z changes, W1, We, W3} 
after one revolution, We, Ws, Wi} 
after two revolutions, Ws, Wi, We} 


after three revolutions, wi, we, Ws. 


As z describes clockwise a closed circuit inclosing both zo, 21, we have: 
Before z changes, Wi, W2, Ws} 
after one revolution, W3, Wi, We} 
after two revolutions, we, Ws, W1} 
after three revolutions, wi, We, Ws. 


The point zg = © is then a branch-point of order two. 

It is to be observed that had the cyclic arrangement of the sheets at zo, 2: been 
such that these points might have been connected by a branch-cut, then there 
would have been no interchange of branches as z described a closed circuit about 
the two branch-points and consequently the point z = «© would not have been 
a branch-point. In order that the two points z and 2: might have been so con- 
nected the cyclic arrangement of the branches at this point would necessarily 
have involved the same sheets taken in opposite order. Such would be the case, 
for example, with the function 

\/? = 20 
w= —- 
a ei! 


64. Stereographic projection of a Riemann surface. As with 
single-valued functions, stereographic projection upon a sphere may 
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often be employed with advantage in the discussion of multiple- 
valued functions. The multiple-sheeted Riemann surface projects 
into a multiple-sheeted Riemann sphere whose sheets are associated 
at the branch-points. The branch-cuts in the plane go over into 
curves upon the sphere along which the variable point passes from 
one sheet to another. 

In the case of the inverse of the exponential and trigonometric 
functions, namely the logarithmic and inverse trigonometric func- 
tions, the projection of the W-plane upon the sphere is also of inter- 
est. The infinite number of strips congruent with the fundamental 
strip map into similar regions having a common point and bounded 
by curves having a common tangent at the north pole. This result 
exhibits the fact that the exponential function e”, in terms of which 
the other functions are defined, is a function which takes in the neigh- 
borhood of the essential singular point w = « every complex value 
except zero and infinity. The branch-points may be regarded as 
boundary points of the region of existence on the sphere just as they 
are regarded upon the Riemann surface. 

65. General properties of Riemann surfaces. Thus far we have 
considered only special cases of Riemann surfaces. In general to con- 
struct such a surface for a given function, we may proceed as follows. 

1. Determine the number of branches. This number is equal to 
the largest number of distinct values which the function has for each 
value of the independent variable. In case the function is algebraic, 
the number of branches is equal to the degree of the algebraic equa- 
tion defining the function, when that equation is freed from radicals. 

2. Locate the branch-points. If the inverse of the given function 
is single-valued, the branch-points may be found by the theorem of 
Art. 59. In any case, they are to be found among the points of the 
complex plane representing values of the independent variable for 
which two or more values of the function are equal, and they may be 
either all at finite points or one of them may be the point at infinity. 
From among these points those that are branch-points may be found 
by permitting the independent variable to describe a closed path 
about each point and observing which of these paths leads to the 
initial value of the function after each circuit. 

3. Find the connection of the branches of the function at the various 
branch-points. Having determined the number of branches and 
located the branch-points, the branches themselves are not as yet 
uniquely determined. This, however, is not necessary in order 
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that we may determine the connection of the branches. To show 
this connection find the cyclic permutation of the branches at each 
branch-point as the independent variable describes a closed path in 
the ordinary complex plane about that point. The number of 
branches affected at any branch-point is one greater than the order of 
the branch-point. 

4. Draw the branch-cuts. The branch-cuts may be inserted in a 
variety of ways. They should be so chosen as suits best the pur- 
poses of the discussion in hand. When the cyclic permutation of 
the branches permits, the branch-cuts may connect the various 
branch-points, or when more convenient they may be drawn from 
the various branch-points to the point at infinity. As we have seen, 
a branch-cut need not be a straight line and may in fact be any 
ordinary curve that does not intersect itself. When once the branch- 
cuts are drawn, the various branches of the function are definitely 
determined aggregates of value-pairs (w, z), and with each sheet of 
the Riemann surface there is associated a definite branch of the 
function. The various sheets of the surface should be so connected 
along the branch-cuts that as the variable passes over one of these 
cuts the proper branches of the function interchange. 

While the branches of a function are single-valued, it may happen 
that both w and z are multiple-valued functions of the other. In 
that case it is often convenient to introduce a third variable 7 so 
related to w and z that the Riemann surfaces constituting the W-plane 
and the Z-plane, respectively, map continuously upon the single- 
sheeted 7-plane. Each branch of the given function w = f(z) asso- 
ciated with a sheet of the Z-plane maps into a fundamental region 
of the 7-plane, which we may designate as a (2, 7) fundamental 
region. Likewise each sheet of the Riemann surface constituting 
the W-plane is associated with a branch of the inverse function 
z = ¢(w) and maps upon a fundamental region of the r-plane, which 
we may designate as a (w, 7) fundamental region. The (2, r) regions 
do not coincide with the (w, 7) regions. As a result, that portion of 
the Riemann surface constituting the W-plane which corresponds 
to a sheet of the Z-plane, and hence to a branch of the function 
w = f(z), does not coincide exactly with the whole of one or more 
sheets of the W-Riemann surface. It may be less or it may be more 
than one sheet, depending upon the nature of the functional relation 
between w and z. We shall refer to that portion of the W-Riemann 
surface which corresponds to the whole of a sheet of the Z-plane as a 
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fundamental region on the Riemann surface. When the branch- 
cuts are inserted, the correspondence between the points of this 
region and the particular sheet of the Z-plane is definitely determined; 
that is, this branch of the function w = f(z) is fully determined. 
Since to a single sheet of the Z-plane there may correspond more 
than one sheet of the W-plane, it follows that some of the w-values 
may be repeated, although the branches of the given function re- 
main single-valued. An illustrative example will aid to make clear 
the foregoing discussion. 
Ex. 1. Consider the function 
Ob Sas 

We introduce the auxiliary variable + by putting 

Z£= mi Ww =73, 
The two-sheeted Z-Riemann surface required for this function maps upon the 
whole of the r-plane, Fig. 120. If we take the negative half of the axis of reals as 
the branch-cut, then the upper sheet maps into the half of the r-plane to the right 
of the axis of imaginaries, while the second sheet maps into the half of the plane 
to the left of the same axis. On the other hand, the three-sheeted W-plane maps 


qy 


P, 
Fie. 120. Hier, PAI 


into the whole of the r-plane as follows, where again we take the negative half of 
the axis of reals as the branch-cut. The first sheet maps into the region J bounded 


by the lines OP; and OP; making angles of P and ey respectively, with the 


positive axis of reals. The other two sheets map likewise into regions 77 and 
IIT, respectively. By direct comparison of the Z-surface and the W-surface, it 
will be seen that the region S of the W-surface corresponding to the first sheet 
of the Z-plane consists of the first sheet of the W-surface together with the second 
quadrant of the third sheet and the third quadrant of the second sheet, Fig. 121. 
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All of the values of S lying to the left of the axis of imaginaries are repeated, as 
will be seen from the figure; for, that portion of the region S lies in two sheets of 
the W-surface and the one directly over the other. However, no two of these 
values of w correspond to the same value of z; that is, while some of the values of 
the particular branch of the given function are repeated in S, nevertheless the 
branch is a single-valued function of 2. 


66. Singular points of multiple-valued functions. Since each 
branch of a multiple-valued analytic function is single-valued, if we 
exclude the branch-points from consideration we may, as we have 
already seen, regard such a function as an aggregate of single-valued 
functions, each of which may be holomorphic for those values of the 
independent variable which belong to the particular sheet of the 
Riemann surface with which the corresponding branch is associated. 
Aside from the branch-points, each branch of the given function 
may have such other singular points as any single-valued function. 
The singular points may affect one sheet or more than one sheet and 
consequently may be singular points of one or of more than one 
branch of the given function. 

For example, a branch of a multiple-valued function may have a singular 


point which does not affect any other branch. As an illustration, consider the 
function 

w = log logz. (1) 
Letz = 1. For this value of z, t = log z takes any one of the values 

Qhir, k=0,1,2, 4... 

These values of + correspond to the value z = 1 in the various sheets of the 
Riemann surface constituting the Z-plane. For the sheet corresponding to 
k = 0, w becomes infinite for zg = 1 and the function (1) ceases to be regular. 
For k # 0, however, the function can be expanded in powers of (z — 1) and 
therefore z = 1 is a regular point for these sheets. Consequently, the given 
function has a singularity at 2 = 1, which, however, affects only one branch. 


In the neighborhood of a point zo which is not a branch-point, a 
multiple-valued analytic function can be expanded in a series in- 
volving only integral powers of (2 — 2). Such a point is a pole or an 
essential singular point according as the expansion contains a finite 
or an infinite number of terms having negative exponents. If there 
are no negative exponents, then 2 is a regular point. Let us now 
examine the situation when z is a branch-point. Suppose that at 
a finite number of branches, say k, of the given analytic function 
w = f(z) are cyclically connected. Take a small region about 2 
bounded by a curve C closed upon the Riemann surface, such that 
it incloses no singular point nor branch-point other than %. Such 
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a curve must make k circuits about 2 before it can be said to be 
closed. Let any convenient line extending out indefinitely from z 
be taken as a branch-cut. We shall speak of the k-sheeted open 
region thus obtained on the Riemann surface, bounded by 2 and C, 
as the region R. Denote the function defined in R by the & branches 
of f(z) connected at 2 by F(z). By means of the substitution 
2— 2. = 7"; 
the region R is mapped in a single-valued and continuous manner 
upon a region S of the one-sheeted 7-plane. Corresponding to the 
point 2, we have the point 7 = 0, and except at the point 2 itself, 
the mapping is conformal. The transformed function (7) corre- 
sponding to F(z) is single-valued, and with at most the exception of 
the point 7 = 0 it is holomorphic in S. At 7 = 0, the function 
¢(r) may have a pole or an essential singularity. In either case, the 
limit of ¢(7) as 7 approaches zero does not exist. On the other hand 
the function ¢(7) may approach a definite limiting value as 7 ap- 
proaches zero. If in the latter case we assign this limiting value as 
the value of ¢(r) at 7 = 0, then, by virtue of Theorem I, Art. 51, the 
origin is a regular point of ¢(7). In any case ¢(7) can be expanded 
in the neighborhood of 7 = 0 by means of Laurent’s expansion, thus 
obtaining 
wo 
(7) = amar”, (2) 
n=m 

which holds for values of 7 exterior to an arbitrarily small circle 
about the origin and interior to any concentric circle within S. If 
¢(r) becomes infinite as 7 approaches zero, then the origin is a pole 
and there are a finite number of negative terms in (2) equal in number 
to the order of the pole. If the pole is of order \, then m = — 2. 
If on the other hand 7 = 0 is an essential singular point, m becomes 
—o. If it isa regular point, m is equal to or greater than zero 
and the expansion reduces to a Taylor series. 

The character of $(7) in the neighborhood of 7 = 0 enables us to 
determine the nature of F(z), and hence of f(z) for those branches 
affected at 2. The character of those branches of f(z) not connected 
at 2 is quite independent of the existence of a branch-point at 2 for 
the branches already considered. For those sheets not affected, this 
point may be a regular point or a pole or an essential singular point. 
It may also be a branch-point at which two or more of the remain- 
ing branches are associated with each other. The expansion of F(z) 
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in the deleted neighborhood of Z is obtained by replacing 7 in (2) by 
1 
(2 — 2) giving 


F(z) =) one — a), (3) 
which holds for values of z in R, that is in all of the sheets affected. 
As we know from Art. 8, there are k, k‘" roots of (2 — 2), namely: 

1 1 1 1 
(2m), We —fo)t, "(2 = 2), es oy ee een) 
1 
where (z — 2)* is now restricted to the principal value of the root 
and w is one of the imaginary k‘” roots of unity. To get the expansion 
of the individual branches of f(z) composing F(z), all we need to do 
is to replace a, in (3) by 


Ohi (CEO SMB 0-5 anlar )e 
respectively. 
In case 7 = 0 is a regular point of ¢(7), then from (2) we have 
L ¢@) =A, 
7=0 


where A is different from zero or equal to zero according as we have 
m =0 or m> 0; hence, since z approaches 2 as t approaches zero, 


we have 

Ly F(2) =A, 

Z=2% 
Assigning this value as the value of F(z) at 2, then the branch-point 
2 is called a point of continuity of F(z). The expansion (3) is in 
this case a series of increasing positive fractional powers of (2 — 20), 
and we have m = 0. If m is greater than zero, say equal to r, we 
say that F(z) and hence f(z) has a zero point of order r at 2. The 
function w defined by w? = z has a point of continuity at the branch- 
point z= 0. The expansion consists of one term, namely z?, and 
the given function has a zero point of order one at this point. 

If r = 0 is a pole of (7), m is negative and finite. Let the order 

of the pole at r= 0 be r. Then the expansion (2) and therefore 
(3) has r terms with negative exponents. We say that F(z) has a 


pole of order r at 2. The function w defined by the relation w? = ; 


furnishes an illustration. The point z= 0 is a branch-point, and at 
the same time it is a pole of order one, the expansion consisting of a 


5 . 5 aah 
single term having a negative exponent, namely z ?. 
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If 7 = 0 is an essential singular point, then the expansion (2) 
contains an infinite number of terms with negative exponents; that 
is, we have m = — ©. In this case, the transformed series (8) has 
also an infinite number of terms having negative fractional expo- 


nents. The point 2 is called an essential singular point of F(z). 
1 


The function w = evz has such a point at zg = 0. This point is a 
simple branch-point. The form of the expansion in the deleted 


neighborhood of the origin is 
—$ 


w=1+24+— ate ran 


The origin is therefore an essential singular point as well as a branch- 
point. 

Since the single-valued function ¢(7) can not have other singular 
points than poles and essential singular points, it follows that the 
foregoing discussion exhausts the possibilities as regards the singu- 
larities of a function at a branch-point when a finite number of 
sheets are connected. That is, a branch-point may also be at the 
same time a point of continuity, a pole, or an essential singularity. 
In any case we shall class a branch-point among the singular points 
of a function, since the expansion of the function in the deleted neigh- 
Lorhood of the point involves fractional powers of the variable, 
that is, the function does not permit a proper power series develop- 
ment. Consequently, a branch-point is not to be included in the 
region of existence of the given function, and, moreover, we can not 
reach such a point by the process of analytic continuation from any 
regular point in the Riemann surface. 

If an infinite number of sheets are connected at a branch-point, 
then the singularity at that point may be of a transcendental char- 
acter.* For example, in the case of the logarithmic function, the 
origin is a singular point where log z becomes infinitely great by 
every possible approach of z to the origin. It is not, however, a 
pole because the order of the singularity is not finite. It is in this 
case sometimes spoken of as a logarithmic singularity. It is not 
within the scope of this volume to discuss the character of the various 
transcendental singularities that may occur at branch-points, further 
than to point out the illustration already cited. 

We have excluded from the region of existence of an analytic 


* Cf. Zoretti, Lecons sur le prolongement analyltique, p. 61. 
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function the poles and essential singular points in the case of single- 
valued functions, and in the case of multiple-valued functions we 
have excluded also branch-points. It is often convenient to con- 
sider the region of existence as thus used, together with those singu- 
lar points where w and z have a definite one-to-one correspondence. 
Thus in single-valued functions we may include in our consideration 
the poles of a function, if we associate with the pole z = % the 
functional value w= «. Likewise in multiple-valued functions, 
we may include those branch-points at which the function has a 
point of continuity or a pole, by associating with the branch-point 
z= 2 as the corresponding functional values, w= L f(z) and 


Z2=Z 

w = o, respectively. When these points of the Riemann surface 
and their corresponding functional values are added to the region 
of existence of an analytic function, we shall speak of the result- 
ing aggregate of pair-values (w, z) of the given function as an 
analytic configuration. The essential singular points are not in- 
cluded in the notion of an analytic configuration; for, corresponding 
to such a singular point no particular w-point can be associated. 

Just as in the consideration of single-valued analytic functions, 
the singular points are boundary points of the region of existence. 
In case of multiple-valued analytic functions, these singular points 
include the branch-points as well as the poles and essential singular 
points. When these boundary points constitute a closed curve 
upon the Riemann surface, then the region of existence of the given 
function has a natural boundary; that is, a boundary beyond which 
it is impossible to proceed by analytic continuations. The region 
of existence may be different in different sheets of the Riemann sur- 
face for the function. 

67. Functions defined on a Riemann surface. Physical appli- 
cations. The chief advantage of a Riemann surface is that it en- 
ables us not only to establish a one-to-one correspondence between 
the points of the Z-plane and those of the W-plane, but also to state 
that any continuous path in the one plane corresponds to a continu- 
ous path in the other. Regarding the branch-points as boundary 
points of the region of existence on the Riemann surface and using 
the term region as in the case of single-valued functions to mean an 
aggregate of inner points, unless otherwise stated, we can by means 
of Riemann surfaces extend to multiple-valued functions the general 
properties already discussed for single-valued functions. When use 
is made of Riemann surfaces, the mapping by means of multiple- 
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valued analytic functions is conformal in any region which contains 
no branch-points or other singular points of the function, provided 
that the derivative of the function is different from zero; that is, in 
any region in which the branches of the function are holomorphic and 
their derivatives do not vanish. 

In the neighborhood of a branch-point Zz of finite order, the ex- 
pansion of a multiple-valued function requires an infinite series 
whose terms involve fractional powers of (2 — 2). In the neighbor- 
hood of any isolated singular point other than a branch-point, the 
expansion of any branch takes the form of a Laurent series. In the 
neighborhood of a regular point, the branches of the function can 
each be expanded in a Taylor series. The circle of convergence 
may, however, lie partly in one sheet and partly in another depend- 
ing upon the position of the point in whose neighborhood the func- 
tion is expanded. In no case can the branch-point lie within the 
region of convergence; for, otherwise there would exist a regular 
power series development in the neighborhood of a branch-point, 
which we have seen is impossible. As a consequence it will be 
seen that by the process of analytic continuation a branch-point 
can not be included in the region of existence of an analytic function. 
It is for this reason, as already stated, that we have regarded branch- 
points as belonging to the boundary of the region of existence. 
Having thus excluded the branch-points, analytic continuation upon 
the Riemann surface can take place along any ordinary curve just 
as in the case of single-valued functions. The path of analytic con- 
tinuation may lie wholly in one sheet or may pass from one sheet to 
another as the conditions require. Along any closed path of ana- 
lytic continuation the terminal value of the function is identical 
with the initial value. If the path incloses a branch-point, then 
it must make as many circuits around that point as there are 
sheets connected at the point before the path can be said to be 
closed. 

Similarly the process of integration can be extended to multiple- 
valued functions, the path of integration being any continuous 
ordinary curve upon the Riemann surface. In case the path does 
not inclose a branch-point, there is nothing new in the process. 
If, however, the path incloses a branch-point, say of order k, then 
it must pass k+1timesaround that point before the path is closed. 
For example, suppose it to be required to integrate the function 
w = V2 along a closed path C about the origin. The closed path C 
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can be deformed into a double circle about the origin without affect- 
ing the value of the ae We have then 


"hor 539 
[2 dz -[" pre i - tpe*dé = iol | e * dé 
0 
4a 4a 
= iol f cos = dd _ of aed = (), 
0 0 2 


The residue of a multiple-valued function at an isolated singular 
point is defined, as in the case of single-valued functions, to be 


a | $e 


where C is a closed curve about the given singular point and inclosing 
no other singular point. In case the point 2 is a branch-point at 
which k& sheets are connected, the form of the expansion of the 
function is 


ie Oa 


where m = — AX orm = — © according as 2 is a pole or an essential 
singular point. Since this series converges uniformly, it can be 
integrated term by term, and since C can be taken asa circle about 2, 
traversed k times, we have as the residue at 20 


il 2 kr n 
5a [10 oe Dow fe — aide 


SS ka ky 


i 


where m = — k. When we have — k < m < 0, the residue is zero. 
To find the residue when there is an isolated singular point at 
z = #, we have as the expansion of the function 


ioe) 


a, 
[a= A nm =< 0, 
n=m ak 


and hence obtain 


It is often necessary to employ multiple-valued functions in map- 
ping from one complex plane to another. In case the inverse 
function is single-valued, we can do as was done in Chapter IV, 
namely: we can map the whole of one plane upon a portion of the 
other plane, or we can now introduce a Riemann surface in place of 
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the one plane, thus making it possible to map in a continuous and 
single-valued manner the whole of either plane upon the whole of 
the other. 

As an illustration, consider the function w = 2. The W-plane 
is a double-sheeted Riemann surface having branch-points at w = 0 
and w = 0. Let us choose the negative half of the axis of reals as 
the branch-cut. By comparing Figs. 122 and 123, it will be seen that 


yr 


V 


(6) 


Hre.5 122: Erg, 123: 


the half of the Z-plane lying to the right of the axis of imaginaries 
maps into the first sheet of the W-plane while the half of that plane 
to the left of this axis maps into the lower sheet of the Riemann sur- 
face constituting the W-plane. 

Any line (a) lying in the right-hand half of the Z-plane and parallel 
to the Y-axis maps into the parabola (A) lying wholly in the first 
sheet of the Riemann surface. Likewise any line parallel to the 
Y-axis and lying in the left-hand half plane maps into a parabola lying 
wholly in the second sheet. The line (6) parallel to the X-axis maps 
into a parabola (6) situated symmetrically with respect to the U-axis 
and lying partly in the first sheet and partly in the second sheet as 
indicated, the dotted portion of the curve indicating that part which 
lies in the second sheet. A circle about the origin in the Z-plane 
maps into a double circle in the W-plane, one in each sheet. The 
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two circles thus obtained constitute a closed path as shown in Fig. 123. 
The line (C) situated in the first sheet and parallel to the V-axis maps 
into the branch (c) of an equilateral hyperbola lying in the first 
quadrant of the Z-plane. Similarly, the straight line (C’) lying in the 
second sheet directly underneath (C) maps into the branch (c’) of 
the same hyperbola lying in the third quadrant. Lines parallel to 
the U-axis map into hyperbolas cutting the first hyperbola at right 
angles. 

It is of interest in this connection to point out some of the uses of 
Riemann surfaces in the discussion of physical problems. A solu- 
tion of Laplace’s differential equation gives a potential function. 
The solution may give a multiple-valued function wu and the corre- 
sponding analytic function 


w=ut+i = f(z) 


to which it gives rise may have singular points other than the 
branch-points. In the corresponding physical problem, however, 
the potential must be single-valued when the boundary conditions 
are given.* 

Similarly, if we arrive at the potential function through a process 
of integration, the function may be a cyclic function; that is, it 
may be multiple-valued because the path of integration encircles a 
singular point of the region under consideration. If such points be 
excluded from the region by arbitrarily small circles being drawn 
about them, the resulting region is multiply connected. It may 
be made simply connected by the introduction of barriers or cross- 
cuts, in which case the potential function obtained in this manner is 
single-valued. If the given region lies upon a Riemann surface, it 
will be seen that in order that the potential shall be single-valued in 
that region it is necessary to restrict the region to one sheet of the 
Riemann surface by excluding from the region all branch-points and 
branch-cuts. 


Thus in Fig. 123, the transformation w = 2° enables us to consider the potential 
in an electrostatic field bounded by the parabola A and lying exterior to this 
curve. This region corresponds to the region in the Z-plane lying to the right 
of the line @ parallel to the Y-axis, Fig. 122. This transformation does not, 
however, enable us to consider a field upon the Riemann surface lying interior to 
the parabola, since this region contains the branch-point w =0 and the negative 
U-axis. which we have here taken as a branch-cut. 


*See Jeans, Electricity and Magnetism, Art. 330, also Lamb, H ydrodynamics, 
3d Ed., Art. 62, 


Arr. 68.] FUNCTION OF A FUNCTION 367 


As another illustration, consider the function 


w = log ots 

og+t1 
We have already discussed the mapping of this funetion where the amplitude @ 
of r = : a ; is restricted to its chief amplitude. If we now allow @ to take all 


values we have a multiple-valued function and the corresponding Z-plane must 
consist of an infinite number of sheets. The branch-points of the function are 
located at z = 1,z = —1. Allof the sheets of the surface are connected at these 
two points, but the cyclic arrangement is in the one case the reverse of the other. 
The two points can then be connected by a branch-cut. Having excluded the 
branch-points by arbitrarily small circles extending in each sheet in succession, 
the resulting surface is triply connected. If we now take the branch-cut as a 
barrier or cross-cut and draw an additional cross-cut from some point on this 
inner boundary of the surface to the point at infinity, we shall make the region 
simply-connected. Any region in any sheet exterior to a curve inclosing both of 
the two branch-points may therefore be taken as a suitable region for the con- 
sideration of a potential. 


68. Function of a function. We have the following theorem. 


THEOREM. An analytic function cf an analytic function is an 
analytic function. 

We shall demonstrate this theorem for the case of single-valued 
functions. From the discussion in this chapter it follows that the 
theorem may be extended to multiple-valued analytic functions. 

Suppose F(w) to be a single-valued analytic function of w, and 
let w = f(z) likewise be a single-valued analytic function of z. We 
are to show that Fif(z)} = ¢(z) is also an analytic function of z. 
Let 2 be any regular point of f(z) such that wo = f(z) is a regular 
point of the function F(w). Then F(w) can be expanded as a power 
series In (Ww — Wo); that is, we may write 
F(w) =ap tay (w— wo) +a2(w— wo)? + So see + a,(w—wWo)*+ 1B SO (1) 
Let the circle of convergence of (1) have a radius equal to p. Since 
w = f(z) is analytic, it follows that a,(w — wo)* is also analytic for 
all finite values of k and hence may be expanded as a power series in 
(2 — 2). The circle of convergence of these power series may be 
denoted by r, since they have the same radius of convergence for all 
values of k. We may write 

ao = Poo 
an(W — Wy) = Bio + Bri(2 — 20) + Biole — 2%)? +: - - ) 
ae (W =S Wo)? = Boo + Boi(Z a7 20) ap Bo0(Z — 2)? qe OO ) 
ai3(W — Wo)? = B30 + B31(2 — 2) + Bx2(2 — %)? + ++: , 


' . ‘ . . . ’ . . . ? 
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Substituting these values in (1), we have the double series 
$(2) = Boo 
Ono Bis(Z = 20) af Bi2(2 ae 20)? 2+. 
+ Boo + Bei1(2 — 2) + Bo2(@ — 2)? + --- 
=} 3,0 + B2.1(@ — 20) 4- Baele — 20)? 4+ 7 ~ . (2) 


The rows of this series converge absolutely for all of those values of 
z for which | z — 2 | = r’ <r, since each row is a power series with 
the radius of convergence r. Summing by rows, the resulting series 
each term of which is the sum of a row in (2) is none other than (1), 
which, as we know, also converges absolutely for all values of w for 
which | w — w | = R <p. Since the series formed by taking the 
absolute values of the terms of (2) converges by rows, it follows that 
the double series of these absolute values also converges *; that is, the 
given series converges absolutely. Consequently, by the theorem of 
Art. 44, we may sum it by columns as wellas by rows. We have then 


o(Z) = ss Bio 4 > Bra (2 — 2) + >, Bre (2 — &)? 
0 1 1 


+++ + DBin(e— a)" +---, 
a 


where we may put 


loo) co 
> Bio = Bo, date == [Brae Wiz IL, 2, 3, leas ae 
0 1 


The function ¢(z) is therefore represented by a power series in the 
neighborhood of 2; hence, 2 is a regular point of ¢(z). But 2p is 
any regular point of w = f(z) for which the corresponding point w) 
is a regular point of F(w). Hence, within the region for which ¢ lies in 
the region of existence of /(w), we may regard ¢(z) as identical with 
Fif(z)}. It is possible, however, that the region of existence of th 
analytic function ¢(z) thus defined may extend beyond the region of 
existence of w = f(z). On the other hand, it is possible that the values 
of w given by the relation w = f(z) may not lie within the region of 
existence of /’(w), in which case F'{f(z)} has no meaning. 

69. Algebraic functions. In the preceding chapter, we dis- 
cussed a special kind of algebraic functions, namely rational func- 
tions. In the present chapter we have had occasion to consider 
several particular algebraic functions. We shall now consider the 


* See Bromwich, Theory of Infinite Series, Art. 31, 
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general case where w = f(z) is defined by an irreducible equation of 

the form 

F(w, 2) = w® + filz) w+ fo(z) we? +--+ - + fr(z) =0,n >0, (1) 

where fi(z), fo(z), . . . , fn(z) are rational functions.* In some dis-_ 
cussions it is convenient to write the foregoing equation in the follow- 

ing form 

po(z) w" + pi(z) wrt + + +» + pp(z) wr + ee) + pr(z)=0, (2) 

where p,(z), k= 0, 1, 2, . . . , n,isarational integral function of z. 

For each value of z these equations have n roots and there are then 

in general n distinct values of w. We shall denote these values by 


W1,We, ..., Wn. The function w = f(z) thus defined is then a multi- 
ple-valued function, and wi, w.,... , Wn,» are all functions of z. 
In fact the functions w), we, . . . , Wa become the n branches of the 


given function when once the branch-cuts are properly chosen. 


THroreM IL, LHvery value of 2 for which all of the n branches of an 
algebraic function remain finite and distinct 1s a regular point of each 
branch of the function. 


Corresponding to a circle C about 2 as a center there may be 
drawn a circle C;, in the W-plane about each of the distinct points 
Woz (kK = 1, 2, . . . , n) asacenter such that for all values of zin the 
region S bounded by C each of these circles C;, shall inclose values of w 
belonging to one and only one branch of the given function. Conse- 
quently, each branch of the function is single-valued for values of z 
in S. 

We shall now show that z is a regular point of each branch of the 
given algebraic function. To do this, it is sufficient to show that each 
of the functions w, (k = 1,2, ... ,n) admits of a derivative for 
values of zinS. Denote by Aw, the increment of w; corresponding to 
the increment Az of z._ If the given function is defined by the equation 

Fw, 2) = 0, 
we have 
AF = F(w+ Aw, z+ Az) — F(w, 2) 
F(w + Aw, z+ Az) — F(w, 2 + Az) 
ae ; Aw 
Aw 
Fw, 2+ = F(w, 2) Ve 
* For a somewhat different definition of an algebraic function, see Forsyth, 


Theory of Functions, 24 Wd., Art. 95. Compare also Hncyklopddie d. Math. Wiss., 
Vol 33) Atty le 


a 0. 
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But since the derivatives aly = both exist, it follows that for 


w = wy the foregoing equation can be written in the form 
oF 
oe + 6 ¢ Aw, + ¥— tal ar=0, 
OWk 02 


where &, € approach zero with Aw;, Az, respectively. We have from 
the foregoing relation 


oF 
Aws bby <®) “02 a 2 
Az or 
Coe + & 
Wk 


As Az approaches zero, Aw, also approaches zero and hence we have 
in the limit the same law as holds for the differentiation of implicit 
functions of real variables, namely 


ar 
dw Oz 
dz OF (3) 
OWr 


OMe ; 
The value of awit different from zero for all values of z in S; for, 
Wk 
otherwise F'(w, z) = 0 would have a multiple root * for some value of z 
: ene : “s dw... 
in S, which is contrary to the hypothesis. The value of qe given by 
dz 
(3) for any wiz, k = 1, 2,..., n. Consequently, the point 2 is a 
regular point for each of the functions w, (k = 1, 2,..., n). 
THeoreM II. The number of points at which two or more of the 
branches of an algebraic function may become equal or infinite is finite. 
The finite values of z for which two or more of the values w,, 
We, . . . , Wr» become equal are those values of z that cause the dis- 
criminant of F(w,z) = 0 to vanish. Consequently, forming the 
resultant ¢ 2 of the two polynomials 
OF (w, 2) 
ow ”’ 
the desired values of z are the roots of the equation obtained by 


equating & to zero. There can be at most a finite number of roots 
of this equation. 


EF (w,.2); 


The finite values of z for which two or more of the values wy, we, 


* See Forsyth, Theory of Functions, 24 Ed., Art. 94. 
} See Bécher, Introduction to Higher Algebra, Art. 86. 
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... , Wz become infinite are among those for which the coefficient 
po(z) vanishes. Since po(z) is the least common multiple of the 
denominators of f(z), fo(z), . . . , fx(z) and therefore of finite degree in 
z, there can be only a finite number of roots of the equation po(z) = 0. 

The only remaining 2-point at which two or more values of w, 
We, . . « , Wn can become equal or infinite is the point zg = 0. Con- 
sequently, the total number of points at which the branches of an 
algebraic function can be infinite is finite in number, and hence the 
theorem. 

From Theorem I it follows that any one of the branches w;, can 
be expanded in a Taylor series 


Wk = 0,6 + Orn(2 — 2) + ann(2 — 2)? +---, (4) 


which holds at least for all values of z in the region bounded by the 
circle of convergence C. The expansions for the various branches 
are of course different and in general the radius of convergence is 
not the same for all branches. We now see that there are only a 
finite number of points at which the branches of an algebraic func- 
tion may become infinite or two or more of them be finite and equal. 
Since all other points must be regular points, it follows that every 
branch of an algebraic function is holomorphic except at a finite 
number of points, and hence we have the following theorem. 


TueoreM II]. Every algebraic function is analytic and has only a 
finite number of singular points. 


The expansion (4) of any branch w, in the neighborhood of a point 
where that branch is finite and distinct defines an element of the 
function, and from this element the algebraic function is completely 
and uniquely determined. It is also of interest to note that it fol- 
lows from Theorem I that the singularities of an algebraic function 
can occur only at points where two or more of the branches have the 
same finite value or where one or more of the branches become 
infinite. 

We shall use the expression infinity of a function, or more briefly 
an infinity, to mean a singular point of a multiple-valued function 
at which the function becomes infinite by at least one approach of 
the independent variable to the critical point. Infinities include 
both poles and essential singular points but exclude branch-points, 
unless those points are at the same time poles or essential singular 
points. The order of an infinity may therefore be either finite or 
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infinite. By the following theorem we shall show that the infinities 
of an algebraic function are necessarily poles. 


THErorEM IV. The infinities of an algebraic function are singular 
points of the coefficients and conversely. Moreover, an algebraic func- 
tion can have only polar infinities. 


Let the given function w = f(z) be defined by the algebraic equa- 
tion 


POD 2) = fiw = a a) 0 (5) 


We shall first show that if 2) is an infinity of any branch wz, it is 
at the same time a singular point of at least one of the coefficients 
fi, fo, » » » » fn of (5) and conversely. We shall also show that the 
order of the singularity of this coefficient is equal to or greater than 
the order of the infinity of w;. From (5) we have by aid of the 
relation between the roots and coefficients of an algebraic equation 


fil2) a (wy + we + -+> tu, --- + wn), 
fo(2) = Wis + Wiws + + + > + Web, + WewWs + + + + + Warn} 


ti es (a LD yaa oe) RO ane act, 


Let the branches of the given function, other than w;, be determined 

by an equation of the form 

wr + gilz) wr? + go(z) WPS + 6 + + + bn—o(2) W + Gna(zZ) = 0. (6) 

Then we may write 

) = —wWr + $:(2), 

) = — wedilz) + d2(2), 

ee re re a rec (7) 
1Pee) = Wrbn—2(2) ae Onee). 

flZ) = — Wrbn—1(Z). 

From the last of equations (7) it follows that zo must be a singular 
point of f,(z) unless ¢,-1(z) has a zero point of as high order as the 
infinity of wz. The singularity of f,(z) may, however, be of higher 
order than the infinity of w;, in case 2% is also an infinity of }x-1(z). 
It may be of lower order provided ¢,-:(z) has a zero point at 2 of 
order less than the order of the infinity of w,. Consequently, fn(z) 
has a singular point at 2 of order equal to or higher than the infinity 
of wz unless 2 is at the same time a zero point of ¢,-1(z). In the 
latter case, it follows in a similar manner from the next to the last 
of these equations that f,.(z) has a singularity at 2 of order equal 
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to or higher than the infinity of w;, unless ¢,-2(z) has a zero point 
at 2. Continuing in this manner, it follows that either some one 
of the coefficients fo(z), . . . , fx(z) has an infinity at 2 of at least 
as high an order as that of w;, or ¢:(z) has a zero point at 2. In the 
latter case, it follows from the first equation that fi(z) has an infinity 
at 2 of the same order as wz. We can conclude that at least one of 
the coefficients fi(z), fo(z), ..., fn(z) has a singularity at % of 
equal or higher order than the infinity of w;. However, the coeffi- 
cients fi(z), fo(z), . . . , fn(z) are all rational functions of z and there- 
fore the function itself can have at most polar infinities. 

Conversely, if some one of the coefficients fi(z), fo(z), . . . , frl2) 
has a singular point at 2, then it must be a pole. From (7) it fol- 
lows that if 2 is not a pole of wx, it must be a pole of at least one of 
the coefficients ¢1(2), do(2), . . . , dn_1(2) of (6). Then by similar 
reasoning 2 is a pole of some branch, say w,’, determined by (6) or 
of at least one of the coefficients of the resulting equation after both 
of the branches w; and w; have been removed. Continuing in this 
manner, it follows that either 2 is a pole of some one of the first 
n — 1 branches or of the coefficient in the last equation and hence 
of the last of the branches. 

The poles which appear as the singular points of an algebraic 
function may at the same time be branch-points, but the function 
can have no other singularities than poles and branch-points, and 
as we have seen, an algebraic function can have in all at most a 
finite number of singular points. If the branch-point is at the same 
time a pole, the expansion of the function in an infinite series for 
values of z in the neighborhood of that point involves a finite number 
of terms having negative fractional exponents. If the pole occurs 
at a point other than a branch-point the expansion of any branch of 
the function involves a finite number of negative integral exponents. 
In the neighborhood of a branch-point which is not a pole the ex- 
pansion involves only positive fractional exponents. In the neigh- 
borhood of any other finite point the expansion of each branch is 
accomplished by an ordinary Taylor series. The expansion of the 


ae : oon iL 
function in the neighborhood of z = » is in terms of ee the character 


of the expansion depending upon the nature of the function at that 
point. 

We shall now consider whether every function f(z) having no sin- 
gular points other than poles and branch-points must be an alge- 
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braic function. Before discussing that question, however, we must 
demonstrate the following proposition. 


Turorem V. If in a given region S of the complex plane, a func- 
tion w = f(z) has no singular points other than poles and branch-points 
and for values of z in S has m branches, which are in general distinct, 
then any symmetric polynomial of these branches is in S a mero- 
morphic function of z. 


Denote the m branches of w by wi, we, . . . ,Wm. For any value of 
z these branches of w may remain distinct, or two or more of them 
may take the same finite value, or finally one or more of them may 
become infinite. These branches are m single-valued functions of 
z when we consider the branch-cuts as replaced by barriers restrict- 
ing the variation of z. From the given hypothesis it follows that 
each w, admits of a derivative except at certain singular points, and 
hence in that portion of the region S exclusive of singular points w,; 
is holomorphic. 

The expansion of w;, in the neighborhood of any point 2 which is 
not a pole or a branch-point is of the form 


Wr = a + a(2 — 2) + a(z — 2)? + remus + an(2 — 20)"+ Lae (8) 


In case 2% is a branch-point of the function lying in S, where r 
values of w become equal but remain finite, the expansion of the 
given function for those branches is obtained by introducing the 
auxiliary function 

BSE SS ie 
As we have seen, this substitution leads to an expansion of the given 
function in the neighborhood of 2 of the form 


1 2 n 
Gy ts Qa 220) t> ee aan)” Se al Gr (Zon)? ee en 
No terms with negative exponents appear in the expansion since the 


branch-point is not an infinity. To get the expansion in the neigh- 
borhood of % of each of the r branches associated at that point, 


n 


we need to regard (2 — 2)’, n = 1,2,3, . . . , as the principal value 
of the r* root of (2 — 2)" and replace an by 


Gln; Cine” mor Cl) ace, wean Gee) 
where w is one of the r imaginary r roots of unity, as explained in 


Art. 66. The remaining m—r branches may remain distinct or 
form by themselves one or more cycles. 
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Any symmetric polynomial of the m branches wi, w, ... , Wm 
can be expressed in terms of the sums of equal powers of the w,’s; 
that is, in terms of functions of the type * 


ASE =i = We" ar ee: ae Wm". 


In adding equal powers of w,;’s, however, the coefficients of terms 
having fractional exponents vanish by virtue of the relation 


lTtwtowt---toI=0. 


Hence, in this case also, the expansion of any symmetric polynomial 


of wi, We, . . . , Wm involves only positive integral powers of 
(2 — 2), and consequently 2 is a regular point of the given function 
F(z). 


Finally, let us suppose 2 is a pole of the given function. In this 
point then one or more values of w;, become infinite as z approaches 
z. In the latter case the point z may be a branch-point. The 
expansion of w; in the neighborhood of such ‘a point involves a finite 
number of terms with negative exponents, which may be either frac- 
tional or integral. In forming a symmetric function of w,, we, ... , 
Wm the exponents all become integral even in case 2 1s a branch-point 
and hence the resulting function has a pole at Zo. 

As we now see, any symmetric function of wi, We, ... , Wm can 
have in the region S only polar singularities. There can be but 
a finite number of poles in S, for otherwise there must be at least 
one essential singular point. Consequently, any symmetric func- 
tion of wi, W2, ... , Wm must be meromorphic in the given region 
S as the theorem requires. 

We shall now consider the following theorem. 


TueoreM VI. LHvery analytic function w = f(z) having n values for 
each value of z and having in the entire complex plane no other singu- 
larities than poles and branch-points can be expressed as a root of an 
algebraic equation of degree n in w, the coefficients of which are rational 
functions of z, and consequently w = f(z) is an algebraic function. 


Corresponding to any point 2 of the complex plane, it follows from 
the hypothesis set forth in the theorem that w has n values, which as 
before we denote by wi, we, ..., Wn. These values are in general 
distinct. 


* See Bocher, Introduction to Higher Algebra, p. 241. 
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We shall now consider the following symmetric polynomials of 
Wi, We, . - « » Wn. 


fiz) = —(witwe+--+ +n), 


fo(z) = Wis, + Wis + + + + + Wn-1Wn; 

Fate) = (—l)Pwites 2s Wn. 
From Theorem V, it follows that the functions fi(z), fo(z), ..-, 
fn(z) are meromorphic for all values of z, since the region S may now 
include the whole complex plane. These functions therefore have — 


only polar singularities and must be rational functions. 
To complete the proof, we have only to equate to zero the product 


TI (wv — wx), namely 
k=1 
(w — wi) (W— Ww)... (w— wr) = 0. (10) 


By the principles of elementary algebra, this equation can be written 
in the form 


Wb Fite) We ge) MO 2 eas fala a. 


The function w = f(z) is a root of this equation, and as we have seen 
the coefficients fi(z), fo(z), . . . , fx(z) are rational functions. Hence 
the theorem. 

The Riemann surface for an algebraic function can now be de- 
termined. If the equation F(w, z) = 0 defining the function is of 
the degree n in w then the Z-plane must be an n-sheeted surface. 
The branch-points and the connection of the sheets at each can be 
determined by the methods given. The branch-cuts can be drawn 
between branch-points where the same sheets are affected but their 
cyclic arrangements are of opposite order, or they may be drawn 
to the point z = o. All of the sheets must form a connected sur- 
face since by definition F(w, z) = 0 is an irreducible equation. In 
case this equation is reducible, that is, can be separated into two or 
more factors involving w and z, then it defines not one algebraic 
function but two or more such functions and the corresponding 
Riemann surface separates into two or more distinct surfaces. In 
fact, a given relation between w and z may be said to represent one 
multiple-valued function or more than one function according as 
the corresponding Riemann surface consists of one connected part 
or of two distinct parts. 
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EXERCISES 


1. Show that 2%, where a = a + 7b, is a multiple-valued analytic function with 
a branch-point of an infinitely high order at the origin. 


mint: Put 2% = e% 82, 


2. Given the analytic function w = eS Locate the branch-points 
V2+2 
and determine whether they are at the same time poles. 
3. Evaluate the integral J Swe. where C is a curve closed on the 
cV2+1 


Riemann surface about the point z = 7. 
4. Knowing that 


aretane = f° 2, ; 
Fah, Tee 


expand in an infinite series the function f(z) = arc tanz. How large is the circle 
of convergence of this series? What singular points restrict the size of the circle 
of convergence? Are these singular points also branch-points? 
5. Determine the branch-points of the function w = are sin z, 
6. By aid of the definitions of circular functions, show that 
il 1+ 2 
w =arctanz = 97 ST oe 
Locate the branch-points of w and determine a region on the Riemann surface 
in which each of the infinite number of branches is holomorphic. Show whether 
this region is simply or multiply connected. 
7. Show that the function f(z) = log (sin z) is analytic. | 
8. Discuss the Riemann surface for the function w = V(z — a) (2 — B)*. 
What physical phenomena does this functional relation represent? 
9. Construct a model showing the connection of the sheets of the Riemann 
surface required for the function discussed in Art. 61. 
10. Discuss the Riemann surface for the function w? — 1 = 23. Determine a 
fundamental region on the W-Riemann surface. 
11. By mapping the Z-plane upon the W-plane by means of the function 
w = e?, show that w takes every value, except zero and infinity, in the deleted 
neighborhood of z = o~. 
12. Given the algebraic function, w? — 18w — 35z2=0. Determine the 
character of the Riemann surface suited to this function by the method of Art. 60. 
13. Expand the function w = V2 in an infinite series for values of z in the 


neighborhood of z = a, where a = 2¢ 3. 

14. Given the function w = V1 — z3, Examine the character of this func- 
tion in the neighborhood of z = «. 

15. Indicate the form of the expansion in an infinite series which the analytic 
function w = f(z) takes for values of z in the neighborhood of z = 7, (a) if 
z =7is a point of continuity and a branch-point of order 2; (b) if z = 7is a pole 
of order k but not a branch-point; (c) if z = 7is a branch-point where 3 branches 
come together and at the same time a pole of order 4; (d) if z = 7 is a branch- 
point of order 6 and an essential singular point; (e) if zg = 7% is a zero-point of 
order 3 and a branch-point where 2 branches become equal. 
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16. Distinguish between an algebraic function and a transcendental function 
(a) as to the number of possible zero points, (b) as to the number of poles and 
essential singular points that may occur, (c) as to the number and order of the 
branch-points that the function may have. Illustrate in each case by a particu- 
lar function. 

17. Does the expression arc sin (cos z) represent a multiple-valued analytic 
function or a number of single-valued analytic functions? 

18. Discuss the Riemann surfaces for the following functions: 


(a) w=Vz2-itvz2-2, 
Ve=1+— ==" 


(c) wi'—4w =z. 
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theorems concerning, 319, 323, 324, 
325, 326. 
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270, 284, 285, 286, 290, 292, 294, 
295, 296, 297, 298, 325, 326, 335, 
372, 314, 375. 

Potential, definition of, 96, 98. 

Power series, 226. 

theorems concerning, 227, 228, 230, 
232; 235, 236, 287, 208, 204. 
with negative exponents, 275. 

Primitive element of an analytic func- 
tion, 258. 

Primitive period, 126. 

Primitive period pair, 318. 

Product of series, 208. 

Products, infinite, 308, 
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Quotient, of two series, 212. 


Radius of convergence, 230, 232. 
Ratio of magnification, 109. 
Rational numbers, 1. 
Rational functions, 290. 
theorems concerning, 292, 294, 295, 
298, 299. 
Rational integral function, 22. 
theorems concerning, 290, 291. 
Rational fractional function, 22. 
Real numbers, system of, 4. 
Reciprocation, 167. 
Reflection, 167, 254. 
Region, definition of, 20. 
of convergence of a series, 218. 
of existence, 258, 362. 
of periodicity, 125. 
- Regular point, definition of, 45. 
theorems concerning, 263, 265, 369. 
Residue, definition of, 284, 364. 
theorems concerning, 284, 285, 286, 
295, 296, 297, 325. 
Riemann’s theorem, 263. 


Riemann surface for w = 0/2, 336. 
for w? — 3w — 22 = 0, 338. 
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for w = log z, 346. 

Riemann surfaces, properties of, 355. 
functions defined on, 362. 
mapping on, 364. 

Roots of a complex number, 13-16. 

Root, principal value of, 14. 


Séquence, limit of, 24. 

theorems concerning, 24, 31. 
Sequence of circles, limit of, 29. 
Sequence of rectangles, limit of, 30. 
Series, convergence of, 198, 199, 200, 

201.., 

differentiation of, 222. 

double, 213. 

integration of, 222. 

operations with, 206. 

power, 226. 

uniform convergence of, 217. 
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Simple pole, 263. 

Simply connected region, definition of, 
52. 

Simply periodic functions, 126. 

Single-valued function, 22, 245. 

Singular point, 45, 262, 358. 

Sink, 118. 

Source, 118. 

Stereographic projection, 184, 354. 

Subtraction of complex numbers, 10. 

Sum of two series, 206. 


Taylor’s series, 239. 
Trigonometric functions, 144. 
Transcendental function, 23, 300. 
Transcendental functions, theorems 
concerning, 301, 313, 317, 323. 
Transcendental integral function, 300, 
301. 
Transcendental 
302, 317. 
Translation, 159. 
Transformation, linear fractional, de- 
fined, 156. 


fractional function, 


w= 2-1 B, 159. 
w= az, 159. 
w= az-+ B, 162. 
ee ik! 
w= -, 166. 
2 


Upper limit, 28, 39, 40. 
Uniform continuity, 
Uniform convergence of function along 
a boundary, (7. 
consequence of, 38, 71, 75, 255. 
Uniform convergence of series,(217, 
condition for, \220. 
consequence of, 221, 223, 225, 235, 
236. 


Velocity-potential, 98. 


Zero point, definition of, 266, 360. 
order of, 266, 360. 
Zero points, theorems concerning, 267, 
269, 294, 296, 298, 301, 313, 325, 
335. 
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